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See also A9437, A9503, A9544, A9572, 
10132, 10258, 10801, 10815. 


9981: 

Wadsworth, George P.; Bryan, Joseph G. ~Introduc- 
tion to probability and random variables. McGraw-Hill 
Series in Probability and Statistics. McGraw-Hill Book 
Co., Inc., New York-Toronto-London, 1960. vii+ 292 pp. 
$8.75. 

This is a carefully written introductory text to prob- 
ability theory, intended for students who have had a year 
of calculus. Statistical concepts are developed when they 
arise as direct applications of the topics in probability 
under consideration. In this way the student. receives an 
introduction to tests of significance, confidence intervals, 
and the main sampling distributions without interrupting 
the main theme. The book can very well serve as the text 
for the first semester of a theory course in mathematical 
statistics. Chapter headings are (1) preliminary mathe- 
matics, (2) probability concepts, (3) discrete random 
variables, (4) continuous random variables, (5) joint 
distributions, (6) derived distributions, (7) mathematical 
expectation, and (8) some statistical uses of probability. 
The authors devote much space to the discussion of basic 
concepts and give detailed solutions to many illustrative 
problems. There are nearly three hundred exercises for 
the reader. S. W. Nash (Ames, Iowa) 


9982 : 

Kappos, Demetrios A. %Strukturtheorie der Wahr- 
scheinlichkeitsfelder und -Riume. Ergebnisse der Mathe- 
matik und ihrer Grenzgebiete, Neue Folge, Heft 24. 
Springer-Verlag, Berlin-Géttingen-Heidelberg, 1960. iv 
+136 pp. DM 21.80. 

In diesem Heft stellt der Verfasser die Grundlagen 
der Wahrscheinlichkeitstheorie nach Kolmogoroff dar, 
genauer : abstrakte (d.h. topologiefreie) Masstheorie unter 
besonderer Beriicksichtigung der Unabhingigkeitseigen- 
schaften und der Struktur von Booleringen. Im Folgenden 
wird Stoff angefiihrt, der bis jetzt meistens nur in verein- 
zelten Artikeln zu finden war. Zuerst werden Begriffe und 
Bezeichnungen zusammengestellt, die nicht allgemein 
tiblich sind: J: Indexmenge, J: beliebige nicht leere 
endliche (bzw. abzihlbare) Teilmenge von J. (Alge- 
braisches) §: Boolering mit Null 9 und Einheit e,+ : 
Additionszeichen in §. Algebraische Basis von §: Teil- 
menge M von F derart, dass der kleinste Booleunterring 
b(M) von F tiber M mit F zusammenfillt. Ein Boolering 
% heisst “algebraisch separabel”, wenn er eine abzéhibare 

® zulisst derart, dass fiir jedes re 8 mit 
«#9 ein de® existiert, so dass dc-z gilt. Ein Boole- 
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unterring &% eines Booleringes 8 heisst “total- bzw. 
o-regular”’ wenn, fiir jede bzw. jede abzahlbare Teilmenge 
von &, aus der Existenz des &-Infimums die Existenz des 
%-Infimums folgt und beide gleich sind. Booleunterringe 
W,, «€J, eines Booleringes bzw. o-Booleringes § heissen 
“algebraisch bzw. o-algebraisch unabhingig, wenn aus 
jeJ und A%5a;49, (F)P)jer a;4# folgt. (Metrisches) 
separate W: Abkiirzung fiir “Wahrscheinlichkeit”. W- 
Feld bzw. Quasi-W-Feld (%, w): Boolering §, der mit 
einer strikt positiven bzw. nicht negativen und (endlich) 
additiven Funktion w (W. bzw. Quasi-W.) mit w(e)=1 
versehen ist. (Nikodymsche) w-Entfernung in einem 
W-Feld (%, w): p(a,b)=w(a+b), w-separabel: mit ab- 
zihibarer p-Basis, w-Basis eines W-Feldes (%, w): Teil- 
menge M von  derart, dass b(M) in F w-dicht liegt. In 
einem W-Feld (%, w) heissen die [}-Untersysteme &%; von 
& “w-unabhingig” wenn, aus jeEJ und W5a;49, 
w(f)jer 4;) = Produkt der w(a;) folgt. (Mengentheoretisches 
und Metrisches) Q: Grundmenge, $(Q): Boolering aller 
Teilmengen von 2. Ein System von Teilmengen X; von 
Q heisst “‘mengentheoretisch unabhingig bzw. o-un- 
abhangig” wenn, aus j¢J und Y;=X, oder Y;=Q—X;y, 
11¥;49 folgt. W-Raum (Q, &, v): Booleunterring & von 
%$$(Q) (Hausdorffscher Mengenkérper), der mit einer, 
relativ $(Q) o-additiven Quasi-W. v versehen ist. W- 
Raéume (Q, &;, %) heissen “fast unabhingig bzw. 
o-unabhiangig” wenn, aus jeJ, X;e 8; und v,(X;)40,° 
X;#9, folgt. In einem W-Raum (Q, 8, v) heissen 
nterkérper %; von & “‘stochastisch unabhingig”’ wenn, 
aus jeJ und X;€ &;, v(f|X;)= Produkt der v(X;) folgt. 
Nun wird eine Auswahl aus dem Inhalt des Heftes gegeben: 
§ I. Intervallfelder (d.h., Booleringe mit geordneter Basis). 
Definition einer Quasi-W. auf jedem beliebigen Boolering. 
Separable Booleringe. Darstellung eines Booleringes 8 
durch einen Hausdorffschen Mengenkiérper (Punkte = 
zweiwertige Quasi-W. auf %). § II. Ordnungskonvergenz 
und w-(stochastische) Konvergenz in einem W-Feld 
(%, w). Metrische Erweiterung (Hausdorff-Nikodymsche 
Komplettierung) eines W-Feldes zu einem o-W-Feld. 
Rein endlich additiver Teil (nach K. Yosida-E. Hewitt) 
einer Quasi W. im Bezug auf einen Booleoberring des 
Definitionsbereiches §. § III. Darstellung eines W-Feldes 
(insbesondere mit geordneter Basis) durch einen W-Raum. 
Borelsche und Lebesguesche Erweiterungen eines W- 
Raumes. Loomischer Darstell tz (Beweis von 
G. Aumann mittels Diskrepanzen). Struktursiitze fiir 
separable W-Felder und o-W-Felder (%, w). § IV. Carte- 
sisches Produkt P; von Booleringen §; und von W- 
Feldern (%:, w;:) (nach D. Kappos und R. Sikorski). 
Metrische Erweiterung eines W-Produktfeldes. Klassifi- 
kation der o-W-Felder nach D. Maharam. Cartesisches 
Produkt von W-Réumen. § V und VI. Unabhingigkeits- 
iffe, ihre Beziehungen zu einander und zu Produkten 
(D. Kappos, R. Sikorski, S. Banach, E. Marczewski). 
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Cartesische o-Produkte von Booleringen nach R. Sikorski. 
Nicht-separabele invariante Erweiterungen des linearen 
Lebesgueschen W-Raumes nach 8. Kakutani und J. C. 
Oxtoby. § VII. Kompakte W-Raiume (Q, &, v) nach 
E. Marczewski (ohne Bezug auf eine Topologie in 2). 
Kompaktheit, Unabhangigkeit und Cartesische Produkte. 
Quasi-kompakte o-W-Raume nach C. Ryll-Nardzewski = 
Perfekte o-W-Raéume nach B. V. Gnedenko und A. N. 
Kolmogoroff. § VIII. Axiomatisch erklirte bedingte W- 
Réume nach A. Czdszér. Struktur und Quotienten- 
darstellung. In einem Anhang werden die elementaren, 
im Bericht verwendeten, Begriffe aus der Theorie der 
Booleschen Ringe zusammengestellt. 

Beweise sind meistens ausgefiihrt. Beispiele und Bemer- 
kungen erliutern den Text. Punktfreie (somatische) und 
mengentheoretische, algebraische und metrische Begriffe 
(u.a. algebraische und metrische Stetigkeit) sind klar 
gegeneinander abgegrenzt. Der Bericht ist leicht leserlich 
und anregend durchaus. Das Literaturverzeichnis ist 
knapp. Der Fachmann vermisst Hinweise auf einschlagige 
Arbeiten von O. M. Nikodym, etwa: Prace Mat.-Fiz. 
36 (1928/29), no. 2, 65-71; C. R. Congrés Math. Pays 
Slaves, 1929, pp. 312-313; Proc. Nat. Acad. Sci. U.S.A. 37 
(1951), 533-537; An. Acad. Brasil. Ci. 24 (1952), 113-136; 
Rend. Sem. Mat. Univ. Padova 27 (1957), 193-217 [MR 
13, 331; 14, 126; 20 #3802]. Chr. Pauc (Nantes) 


9983 : 

Halperin, M.; Burrows, G. L. An asymptotic distribu- 
tion for an occupancy problem with statistical applications. 
Technometrics 3 (1961), 79-89. 

The author calculates the theoretical distribution of 
m(x), x=1, 2, ---, 8, which is defined as the observed 
number of groups containing x or more defectives in the 
case where N items are allocated at random into s groups 
in the population of N items, D of which (0< D< N) are 
defective. He uses the usual combination method. It is 
shown that any (s—1) of the m(x) have asymptotically 
(N->oco, D/N-+q, 0 <q <1) a multivariate normal distribu- 
tion. The tables are given in some finite cases. 

C. Hayashi (Tokyo) 


9984: 

Page, E. 8. The distribution of vacancies on a line. 
J. Roy. Statist. Soc. Ser. B 21 (1959), 364-374. 

Consider a row of n discrete points, so that there are 
(n — 1) different pairs of adjacent points ; let one such pair 
be selected at random, then another from the remaining 
such pairs which are unaffected by the first choice, then 
another, and so on until only isolated points remain. The 
author calls the remaining isolated points ‘‘vacancies”’ ; he 
obtains exact expressions for the probability of any point 
becoming a vacancy, information about the moment- 
generating function of the total number of vacancies, and 
various asymptotic formulae of interest which cannot be 
briefly described. The author then considers a slight 
variation of his model, in which pairs of adjacent points 
are selected from the line of points in the following manner. 
At each stage in the selection process a single point is 
selected at random from the points available. If this 
selected point has no adjacent points then its selection is 
revoked ; otherwise a further point is selected from the 
adjacent points. Certain applications to physics are 
discussed. W. L. Smith (Chapel Hill, N.C.) 
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9985 : 

Lévy, Paul. Sur les conditions de compatibilité des 
données i relatives aux lois de probabilité. 
C. R. Acad. Sci. Paris 250 (1960), 2507-2509. 

The author shows that the formula of Poincaré resolves 
a problem in the case of n random variables each having 
only two possible values when all the marginal laws are 
given. For example, when »=3 consider three events 
A, B, C and their complements A’, B’, C’ and assume 
that the probabilities a, b, c, «, 8B, y of A, B,C, BC,CA, AB 
are known. Letting z= P(A BC), one has 


P(A'BC) = a-2z, P(AB'C) = 8-2, P(ABC’) = y-z, 
P(AB’C’) = a—B-y+2, P(A'BC’) = b-y-—a+z, 
P(A'B'C) = c—a-—B+z2, 


; P(A’ BC’) = 1—(a+b+c)+(a+B+y)—z. 
I 
m 


M 


it follows that m<xz<M. The condition of compatibility 
is m3 M; and if m<WM, the probability of each of the 
eight possible cases is indeterminate in an interval of 
length M —m. Moreover, the author indicates the principle 
of a method that permits the reduction of the more 
general case, but notes that the calculations are impractical. 

H. P. Edmundson (Pacific Palisades, Calif.) 


max (0, B+y—a, y+a—b,a+B— 
min (a, 8, y, l1-a—b—c+a+B+y), 


9986 : 

Dall’Aglio, Giorgio. Sulla compatibilita delle funzioni 
di ripartizione doppia. Rend. Mat. e Appl. (5) 18 (1959), 
385-413. 

Let D2 and ®j3 be bivariate distribution functions in 
the pairs (x, y), (x, z). It is supposed that the z-marginal 
distributions are the same. The author investigates the 
class of bivariate distribution functions ®23 in the pair 
(y,z) for which the three distribution functions are 
marginal distribution functions of a trivariate distribution. 
This class is not empty, is convex, and has a maximal and 
a minimal member. Various special cases are considered 
in detail. Bass [C. R. Acad. Sci. Paris 240 (1955), 839- 
841; MR 16, 838] has studied related questions. 

J. L. Doob (Urbana, Ill.) 


9987 : 
McFadden, J. A. Two expansions for the quadri- 
variate normal integral. Biometrika 47 (1960), 395-333. 
The evaluation of Prob{X,>0, X2>0, Xs>0, X4>9} 
when the X; are distributed in a joint normal distribution 
with zero means is considered in two cases: (1) when 
Pi2= p2s= ps4, pis=p2a=pi2", pia=pie®; and (2) when 
pis = p2a= pia= 0. ite series suitable for computation 
are obtained in both cases, and the two cases are trans- 
formed into each other. There is a useful bibliography. 
P. A. P. Moran (Canberra) 


9988 : 
Park, J. H., Jr. Moments of the Rayleigh 
distribution. Quart. Appl. Math. 19 oath. 45-49. 


Let X; (1SisgN) be N independent Gaussian random 
variables with means Z; and unit variances. A generalized 
Rayleigh random variable Y is defined as the square root 
of the sum of the squares of the X; [Miller, Bernstein, 
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and Blumenson, same Quart. 16 (1958), 137-145; MR 20 
#1371}. The author computes the (not necessarily integral) 
a-moments M, of Y. {It is also known that if Y and Y’ 
are unbiased Rayleigh distributions with HX;X;' = 84, 
then 


EY«Y's = 2+#)/2(] — \2)W+ete)/2 


ne )(Ce) (3) 
xan (XES N+B N. ¥; a)) 


2 2 
Asymptotic expansions for M, as N or >¥_, %2 approach 
infinity ; recursion formulas for M,; and upper bounds on 
the negative integral moments are also obtained. 
K. 8. Miller (New York) 








9989 : 

Tortrat, Albert. Classes de mesures singuliéres sur la 
droite, convolutions infinies de Wintner et lois indéfini- 
ment divisibles. J. Math. Pures Appl. (9) 39 (1960), 
231-273. 

In the first part of the paper, the author considers 
certain monotone functions y=f(z) obtained by assigning 
their values at points occurring in successive subdivisions 
of 0<2<1 into a finite number of intervals. He then 
obtains sufficient conditions for these functions to be 
purely singular. The arguments depend on the theory of 
probability. [For a similar and more complete discussion 
of a more restricted class of functions, see Hartman and 
Kershner, Amer. J. Math. 59 (1937), 809-822.] In the 
second part of the paper he discusses certain pairs of 
purely singular monotone functions f, g on 0S 231 such 
that their convolution f + g is the function z on 0S 732. 
The last part is a discussion of the relationships between 
the classes of distribution functions which are infinitely 
divisible, or representable as a convergent or absolutely 
convergent convolution of purely discontinuous distribu- 
tions. P. Hartman (Baltimore, Md.) 


9990: 

Baxter, Glen. An analytic problem whose solution 
follows from a simple algebraic identity. Pacific J. Math. 
10 (1960), 731-742. 

The important results of Spitzer [Trans. Amer. Math. 
Soc. 82 (1956), 323-339 ; MR 18, 156] and Sparre Andersen 
(Math. Scand. 1 (1953), 263-285; MR 15, 444] concerning 
the distributions of, respectively, the maxima of partial 
sums and the number of positive partial sums, of identi- 
cally distributed independent random variables, can be 
viewed as ing from the solution y of an equation 
(1) y=1+AT(ay) or its homologues. Here z is a specified 
element of a commutative Banach algebra A with identity, 
\ is a sufficiently small scalar, and 7' is a bounded linear 
operator of some special type. The reviewer [#9991 and Proc. 
Amer. Math. Soc. 9 (1958), 905-908 ; MR 21 #2299 ; cf. also 
Baxter, Pacific J. Math. 8 (1958), 649-663 ; MR 21 #2298] 
showed that (1) has unique solution y=exp > n-!A"7'(z*) 
when 7' satisfies (2) T72=7, TA and (I—T7)A are sub- 
algebras. The author now shows (Theorem 1) that (2) may 
be relaxed to (3) T{x(Ty)+y(T'z)}=(Tz)(Ty) + T(azy), 
for some fixed a and all z, y¢ A; in the solution of (1) 


the term 7'(x*) is generalized to T'(a*-12*). [(3) with a=1 
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is a consequence of (2).] (The result may be phrased in 
terms of formal power-series rings over commutative 
algebras.) Theorem 2 treats certain generalizations of (1) 
under the same hypotheses. The proofs are intricately 
combinatorial. Applications include the probabilistic ones 
mentioned above, solution of y(w)=1+Afo" x(v)y(v)dv 
(now A=C[0, 1], 7’=fo*, a=0), and Newton’s symmetric 
identities. J. G. Wendel (Ann Arbor, Mich.) 


9991 : 

Wendel, J. G. Order statistics of partial sums. Ann. 
Math. Statist. $1 (1960), 1034-1044. 

The author continues his work [Proc. Amer. Math. Soc. 
9 (1958), 905-908; MR 21 #2291] on the fluctuations of 
sums of identically distributed independent random 
variables. If So=0 and S,, for n21, are the partial sums, 
a typical problem solved is that of finding the distribution 
of Rn,x, the kth largest, from the top, of the numbers So, 
81, --++, Sn. Thus Ryo=maxosesn Sz, Ran =mMinosesn Se. 
The distribution of Ry,» turns out to be the convolution of 
those of Ry-x,o and of Rz,x, for which there already is an. 
extensive theory. Actually, more general results are 
obtained, giving certain joint distributions. The method 
consists in solving certain operator equations in the 
Banach algebra of measures on the real line, and then 
expressing the solution in Fourier-transform 
This method seems to be equivalent to the Wiener-Hopf 
technique employed in the book of J. H. B. Kemperman 
[#9992]. F. L. Spitzer (Princeton, N.J.) 


9992 : 

Kemperman, J. H. B. *%The passage problem for a 
stationary Markov chain. Statistical Research Mono- 
graphs, Vol.I. The University of Chicago Press, Chicago, 
Ill., 1961. vii+127 pp. $5.00. 

The author states as his purpose “to develop into 
systematic methods certain procedures which in special 
cases have been found useful in studying the phenomena 
of first passage and absorption for a stationary Markov 
chain’’. In the reviewer’s opinion there are at least two 
ways of approaching the absorption problem, first, in a 
very general context, through the connection between 
Markov chains and potential theory ; in the second place, 
there is the far more limited, but very useful, fluctuation 
theory for (one-dimensional) processes with stationary 
independent increments. This book is devoted to the 
second of these theories, as the author considers more 
general Markov processes only by way of introduction in 
the first half of the book (chapters, 1-12). These chapters 
contain a fairly elementary, self-contained, and intelligent 
treatment of many special topics, such as the Ehrenfest 
process, Bernoulli random walk, and absorption problems 
arising in sequential analysis. 

In his treatment of fluctuation theory and its application 
(chapters 12-20) the author may have been faced with 
another choice. The subject originated in the analytic 
approach to certain problems in the theories of queues 
and telephone traffic by F. Pollaczek in the 1930's, and 
fundamental new insight was achieved around 1950 by 
E. Sparre Andersen who discovered a completely ele- 
mentary combinatorial approach to certain, very similar, 
absorption or occupation-time problems. The author’s 
treatment, on the other hand, is purely analytical, a wise 





choice in view of recent progress in harmonic analysis (in 
particular, difference kernels and the Wiener-Hopf equa- 
tion), which makes it possible to present fluctuation 
theory as a topic in harmonic analysis, using only the most 
basic notions of probability or measure theory. To 
illustrate this point, consider the following special case of 
the results in chapters 13-16 on the one-sided absorption 
problem. 

Let X, be independent random variables with a 
symmetric probability density and characteristic function 
$(A)=E exp(iAXz). Let So=0, Sn=Xi+---+Xn, and 
N=min{[k|S;>0]. Then it turns out that for 0st<1, A 
real, 1 —id(A) = |#(t, A)|2, where p(t, A) = 1 — E[t* exp(tASy)). 
This is a special case of the Wiener-Hopf factorization, 
i.e., X(t, A) as a function of A is analytic in the upper 
half-plane, and so is its conjugate in the lower half-plane. 
While a great deal of information is contained in such 
factorizations per se, the author includes a careful treatment 
of special cases (such as Lemma 13.2 concerning the zeros 
of 1—t(A), which yields a product representation of 
¥(t, A)). This leads to explicit solutions of problems of 
practical interest in the last three chapters (Queueing 
problems, Collective Risk theory, Special cases). In a very 
condensed form these chapters contain much of what is 
of real value in a huge and widely scattered literature on 
these problems. 

The book is written in a concise mathematical style, 
accessible to anyone who has mastered the elements of 
probability and complex analysis. The recent mathematical 
literature on the subject is exceedingly carefully docu- 
mented, much of what was done by a large number of 
authors up until 1960 being given here in a unified and 
sometimes simplified setting. 


F. L. Spitzer (Princeton, N.J.) 


9993: 

Harris, Bernard. Probability distributions related to 
random mappings. Ann. Math. Statist. 31 (1960), 1045- 
1062. 

The mappings in question are those of a finite set of n 
elements into itself. The four kinds examined are as 
follows : (1) the set of all n* permutations with repetition ; 
(2) the set of all (n— 1)" permutations with repetition but 
with no element mapped into itself; (3) the set of all n! 
permutations; (4) the set of all D,=n! So* (—1)*/k! 
permutations without unit cycles. A random mapping is 
an equiprobable choice from the set in question. For all 
four kinds, the mappings correspond to linear graphs with 
slings (if an element is mapped on itself), cycles of two 
(if two elements are each mapped each on the other), 
directed cycles of length three or more, and trees. The 
probability distributions are those of random variables 
associated with the linear graphs (e.g., r=number of 
connected parts) or with iterations of the mappings 
(#=number of elements in the set of n iterations). For the 
first two kinds of mappings, results due to H. Rubin and 
R. Sitgreaves [Tech. Report No. 19A, Appl. Math. and 
Statist. Lab., Stanford Univ., 1954] and to Jay E. Folkert 
{unpublished Ph.D. dissertation, Michigan State Univ., 
1955] are rederived and extended. These are the several 
probability distributions and some of their limiting forms 
for large n, together with some means and their inter- 
relations. The mean of the variable r is missing for both 
cases, although for the first it has been given by Martin D. 
Kruskal [Amer. Math. Monthly 61 (1954), 392-397; MR 
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16, 52). For the last two kinds of mappings, all random 
variables in question coalesce. The author resumes known 
results and derives an apparently new result for the mean 
number of cycles when unit cycles are ignored. 

J. Riordan (New York) 


9994 : 

Lévy, Paul. ues sur certains ensembles aléa- 
toires. J. Math. Pures Appl. (9) 39 (1960), 97-118. 

This paper gives the details of work outlined by the 
author in a note in C. R. Acad. Sci. Paris 248 (1959), 
181-184 [MR 21 #1638]. He is concerned with examples 
of random sets with certain paradoxical properties. Firstly, 
let Co be a denumerable, everywhere dense set of real 
numbers that contains x+y whenever it contains x and 
y, and let C =C(zx) be the set of numbers x’ between 0 and 
1 such that x’—x € Co. Let Q* be a space the points y of 
which are in a one-to-one correspondence with the sets C, 
let f(x) denote the point y corresponding to the set C(z), 
and let Z* be the image in Q* of a union £ of sets C. 
Suppose that X is a random variable with an absolutely 
continuous distribution over [0, 1], and that Q(Z*) 
denotes the probability that Y=f(X)¢ H*; the author 
proves (Theorem 1) that Y=f(X) is continuously distri- 
buted (in the sense that no single value of Y has a positive 
probability), but that if a set Z* in Q* is not of zero 
Q-measure, then its outer Q-measure equals 1. In particu- 
lar, there is no set Z* in Q* for which the probability 
that Y ¢ £* is both determinate and strictly between 0 
and 1. Generally, when a random element has the property 
just ascribed to Y the author calls it abnormal, provided 
that it is completely defined. He makes more precise the 
notion of complete definition that he introduced previously 
[Ann. Inst. H. Poincaré 16 (1958), 7-25; MR 21 #368; 
especially p. 9]. Secondly, let X ={U,} be a sequence of 
independent random variables, each uniformly distributed 
over [0, 1], so that X varies in an infinite-dimensional 
product-space Q. Let Q’ be the set of points x in Q the 
coordinates of which form a set everywhere dense in 
[0, 1], and let the “distance” between two points {u»} and 
{vn} in Q be sup|u,—v,|. The author proves (Theorem 2) 
that if xeQ’ then the set of images Az of x under all 
permutations A of the coordinates of z is everywhere 
dense in Q’. Further, if C(X) denotes the set of coordinates 
U, of X (irrespective of their order) and Y is in a one-to- 
one correspondence with C(X), he shows that the random 
element Y has various curious properties, and gives some 
arguments strongly suggesting that Y is abnormal. [In the 
first review cited above the t reviewer, through a 
misunderstanding, implied that the abnormality of Y had 
been proved.] The author discusses several other similar 
examples that he conjectures to be abnormal, and he 
poses a number of interesting unsolved problems. 

H. P. Mulholland (Exeter) 


9995 : 

Marshall, Albert W. A one-sided of Kolmo- 
gorov’s inequality. Ann. Math. Statist. 31 (1960), 483- 
487 


In this paper two inequalities are derived and proved 
to be sharp. These inequalities bear the same relation to 
Kolmogorov’s inequality that the inequality P[X 2 «]< 
o?/{e2 + 0%} for a random variable X with mean zero and 
variance a? bears to-Chebyshev’s inequality. (1) Let {Ys} 








Sense $F 








be a martingale with zero means and finite variance 
$n2= E[Y,”]. Then, for every e>0, P[maxisicn Yi2e)S 
8n?/{e2 + 8n2}. (2) Let {¥s, t2 0} be a separable martingale 
with zero means and finite variance o*(¢)=H[Y;*]. Then 
for every e>0, and r>0, 


a Hn Ye 2 e) S o%(r)/{e*+0%(r)}. 
E. Parzen (Stanford, Calif.) 


9996 : 

Marshall, Albert W.; Olkin, Ingram. A one-sided 
inequality of the Chebyshev type. Ann. Math. Statist. 31 
(1960), 488-491. 

Let 21, --+, 2 be random variables with H2z;=0, 
Ex@=o%, Exg;=o%p (i#j). If o%k—1)%(1—p)Sk and 
o%<1, where t=(k—1)(1—p)—1, then a sharp upper 
bound for P{max; x; 2 1} is 


deo®{[1 + (k— 1)p}%(1 —to%)¥/2 + (le 1)(1 — p)2}2 
x {k-+o%] + (k—1)p]}-2. 


Let 2, ---, 2 be random variables with Hz;=0, 
Ex=0o,2. A sharp upper bound for P{max; x; 2 1} is the 
smaller of 1 and > o;?/(1 +03). . 

J. W. Pratt (Cambridge, Mass.) 


9997 : 

Baxter, Glen. A two-dimensional operator identity 
with application to the change of sign in sums of random 
variables. Trans. Amer. Math. Soc. 96 (1960), 210-221. 

Let X, be independent and identically distributed, with 
partial sums S,. A change of sign between S; and Sz+: 
occurs if Sy >02Sp41 or Ses1>02S,z; Nz is the number 
of changes of sign in 0=Spo, Si, ---, Sa. The author 
obtains an ingenious characterization of the double 
generating functions for the transforms 


£ exp (itz) deP{N» = k, Sn < 2}, 


0+ 
[ exp (itz) dzP{N, = k, Sx < x} 


in terms of a unique factorization of certain 2 x 2 matrices, 
and produces explicit formulas when the X, are sym- 
metric exponential or Bernoulli random variables. In- 
version of the latter in the case p= 1/2 yields P{N, =k}= 


2" (*) , r=[n —k/2]. Supplementing the author’s references 


one may add Darling and Kac [same Trans. 84 (1957), 
444-458 ; MR 18, 832; § 7]. 
J. G. Wendel (Ann Arbor, Mich.) 


9998 : 

Kotlarski, I. On random variables whose quotient 
follows the Cauchy law. Colloq. Math. 7 (1959/60), 277- 
284. 

Let X and Y be two independently and identically 
distributed random variables with a common distribution 
function F(x) such that (*) the quotient W = X/Y follows 
the Cauchy law with the probability density function 


— © <w< + &). 


g(t) = = 
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9996-10001 


J. G. Mauldon (Quart. J. Math. Oxford Ser. (2) '7 (1956), 
155-160; MR 20 #4884]; G. P. Steck [Ann. Math. Statist. 
29 (1958), 604-606; MR 20 #4901] and the reviewer 
[Proc. Nat. Acad. Sci. U.S.A. 44 (1958), 222-223; MR 19, 
1201] constructed some examples of non-normal distribu- 
tion functions F(x) having the property (*). Let S denote 
the set of distribution functions F(x) having the property 
(*). In the present paper the author gives a method of 
construction of a class of distribution functions belonging 
to 8, using the properties of Mellin transforms of distribu- 
tion functions and obtains some necessary and sufficient 
conditions under which a distribution function F(z) 
belongs to S. 

{Remark: The reviewer [Trans. Amer. Math. Soc. 93 
(1959), 205-215; Ann. Math. Statist. 30 (1959), 1165- 
1174; MR 22 #8544; 21 #7556] also discussed some 
methods of construction of a class of distribution functions 
belonging to S and having finite moments up to a certain 
order.} R. G. Laha (Calcutta) 


9999 : 

Freimer, M.; Gold, B.; Tritter, A. L. The Morse dis- 
tribution. IRE Trans. IT-5 (1959), 25-31. 

Let X={x1, 22, ---, Zn} be a sequence of random 
variables with identical distributions. Let Pr{2;=2,;}=0 
for i#j. Consider all subsequences of X consisting of k 
(Sm) consecutive variables. Distinguish the largest 
number of each such subsequence. Then p,*(r) is a discrete 
distribution defined as the probability that exactly r 
members of X are not distingui . The authors in- 
vestigate properties of p,*(r) which they call the Morse 
distribution. The problem arose during research involved 
in designing MAUDE [see #10207]. 

K. 8. Miller (New York) 


10000 : 

Marshall, Albert W.; Olkin, . Multivariate 
Chebyshev inequalities. Ann. Math. Statist. 31 (1960), 
1001-1014. 

Consider a set of random variables X;, Xe, ---, Xz 
with zero mean, and known covariance matrix. The 
authors derive sharp upper bounds for P{min,; X;2 1), 
P{|[J X;| 21, X>0}, and related probabilities. Some of 
these can be regarded as analogues of Kolmogorov’s 
inequality. This work is an extension of that in a paper 
by Olkin and Pratt [same Ann. 29 (1958), 226-234; MR 
20 #385] whose priority to his own paper [Quart. J. Math. 
Oxford Ser. (2) 8 (1958), 232-240; MR 20 #6754] the 
reviewer takes the opportunity of acknowledging. 

P. Whittle (Cambridge, England) 


10001: 

Halikov, M. K. A local theorem for sums of indepen- 
dent random vectors. Izv. Akad. Nauk UzSSR. Ser. 
Fiz.-Mat. 1958, no. 2, 95-105. (Russian. Uzbek sum- 
mary) 

Let 21, x2, --- be a sequence of independent, identically 
distributed vector random variables with s components. 
Let each component of x; have mean zero, and let 2, 
have a non-degenerate covariance matrix C. Let S,= 
n-/2(x) +22+---+2_,) and suppose that for n>no the 
absolutely continuous part of the s-dimensional distribu- 
tion of S, is non-void and corresponds to a density p,(X), 
X € Ry. Let o(X), X € Rs, be the s-dimensional density of 
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10002-10006 


the normal distribution with means zero and covariance 
matrix C. The author investigates conditions under which 
Pn(X)—>—(X) in the mean L;(R;,). 

Let each component of x, have moments of integer 
order k2> 3. Let f(t), t=(t, te, ---, ts) be the characteristic 
function of x; and let Q(t) be the quadratic form associated 
with C. Define polynomials P, by means of the generating 
function 


exp {log (at) — 42°Q(0)} = 5 Palithe 
The main result is that 


k-3 
[, beatX)—w()— "3 n--P,(—/0X)p(H)| aK = 
Q O((log n)#/2m-(k-2)/2) 


n—> ©, 
where the operator P,(—2@/@X) has its usual significance. 
D. A. Darling (Ann Arbor, Mich.) 


10002 : 

Abbott, J. H.; Blum, J. R. On a theorem of Rényi con- 
cerning mixing sequences of sets. Ann. Math. Statist. 32 
(1961), 257-260. 

Rényi's condition [Acta Math. Acad. Sci. Hungar. 9 
(1958), 2:c-228; MR 20 #4623] that Q be absolutely 
continuous with respect to P is replaced by the condition 
that Q. be absolutely continuous with respect to P., 
where Qo, Po are the restrictions of Q, P to the tail field. 
An application is made to limit distributions for normed 
sums of certain sequences of dependent random variables, 
correcting an error of Révész [ibid. 10 (1959), 125-131; 
MR 21 #4478}. K. L. Chung (Syracuse, N.Y.) 


10003 : 

Shapiro, J. M. Sums of small powers of independent 
random variables. Ann. Math. Statist. 31 (1960), 222— 
224, 

Let (tax) (k=1, 2, ---, kn; m=1, 2, ---) be a double 
sequence of infinitesimal random variables which are row- 
wise independent. Let F,"(x) be the distribution function 
of |zn1|" + --- +|2ne,|" — Ba(r), where the B,(r) are suitably 
chosen constants. In a previous paper [same Ann. 29 
(1958), 515-522; MR 20 #3590] the author gave necessary 
and sufficient conditions for F,’(x) to converge (n—>0o) to 
a distribution function F*(z) and for F(x) to converge to 
a distribution function as r—-co. In the present paper 
similar results for the case r->-0+ are found. In particular, 
if F(x) converges (r—>0 + ) to a distribution function H(z), 
then H(z) is the distribution function of the sum of two 
independent random variables, one Poisson and the other 
Gaussian. W. Hoeffding (Chapel Hill, N.C.) 


10004: 

Kubik, L. The limiting distributions of cumulative 
sums of i t two-valued random variables. 
Studia Math. 18 (1959), 295-309; addendum, 19 (1960), 
249 


Let X:, Xe, --- be a sequence of independent random 
variables assuming at most two values. Urbanik [problem 
P272, Colloq. Math. 6 (1958), 336] has raised the problem 
of finding the class C of all possible limiting distributions 
of the sequence 
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(*) 


where A, and B, are constants with B,—oo and the 
random variables X1/B,, ---, Xn/B, are uniformly 
asymptotically negligible. Let R denote the subclass of all 
limiting distributions of Y, defined in (*) when it is 
additionally assumed that the variances of Y, converge 
to that of the limiting distribution and 


lim (a4—by) { 5 D4(Xx)}-¥ 


Yo a B,7 > Xzt—An (n = 1, 2, ++), 
k=1 


exists, where @,2b,, P(Xn=Gn)=pn, and P(X,=b,)= 
1—pn. Let K denote the class of all infinitely divisible 
distributions for which the function K(u) in Kolmogorov’s 
formula [see § 18 of Gnedenko and Kolmogorov, Predel’nye 
raspredeleniya diya summ nezavisimyh sluéainyh veliéin, 
Gosudarstv. Izdat. Tehn.-Teor. Lit., Moscow, 1949; MR 
12, 839] is of a specified form. The author partially solves 
Urbanik’s problem by showing that R coincides with the 
class of all distributions that are of the same type as any 
element of K. 

H. P. Edmundson (Pacific Palisades, Calif.) 


10005 : 

Fortet, R.; Mourier, E. Les fonctions aléatoires comme 
éléments aléatoires dans un espace de Banach. J. Math. 
Pures Appl. (9) 38 (1959), 347-364. 

Let X be a separable Banach space under the norm | | 
and let X(t) be a stationary X-valued random function 
defined on the right half-line. If the expectation Z(||X Ol) 
is finite, there exists then an X-valued random variable 
Y such that E(|| Y||) < co, H(Y)=H(X(¢)) and the averages 
T-1 {oT X(t)dt, where the integral is taken in the sense of 
Pettis, tend strongly to Y with probability 1 when T 
tends to oo. Moreover, if for some «21, E(||X(¢)|\*) is 
finite, then E( || Y|*)< oo and 


T 
lim £(|7- f X(t) dt—Y|*) = 0. 
To 0 


In the second part of the paper the discrimination problem 
for X-valued random variables is considered. The method 
of deciding between two probability measures m; and 
me is based on the ratio test fi/f2, where f; and fz are 
densities of m; and mz respectively with respect to the 
measure m mz. Finally, an application to normal random 
variables is given. K. Urbanik (Wroclaw) 


10006 : 

Richter, Wolfgang. Zur Frage der N igkeit der 
Cramérschen Bedingung. Math. Nachr. 20 (1959), 231- 
238. 

Let 21, 2, --+ be independent, identically distributed 
random variables with EH(z;)=0, H(x;2)< oo. If further 
there exists an h > 0 such that |a| <h implies Z(exp a|zx;|)< 
co, the Cramér condition is said to be satisfied. In this 
case there exists a 6>0 such that for any sequence Cy 
with Cx—>0, Cn =0(4/n), the inequality 


Pr {|zi+--++2n| > n¥/2eq} < exp(—ben*) 


holds for sufficiently large n. The author obtains a partial 
converse by proving that if the Cramér condition is not 
satisfied there exists at least one sequence c, with the 
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above properties such that the inequality fails for infinitely 
many , no matter how small b> 0 is taken. 
D. A. Darling (Ann Arbor, Mich.) 


10007 : 

Nelson, Edward; Varberg, Dale. tions of func- 
tionals on a stochastic process. Ann. Math. Statist. 31 
(1960), 574-578. 

Given a Poisson process n=n(t) with rate a>0 and 
independent Bernoulli variables e1, ¢2, etc., with common 
law P(e: = +1)=}, the motion 2z(t)=e1+e2+---+én is 
the temporally homogeneous differential process with 
Efety=(t)} = e%t(osy-1) which Tiacklind has studied in con- 
nection with collective risk [Skand. Aktuarietidstr. 25 
(1942), 1-42; MR 7, 209]. Here, it is shown that if v is 
non-negative, then 


+0 t 
un) = [°° e-~tBtexp(—B |) ofx(e)] ds), z(t) = mat 
solves 


s(u(n-+ 1) —2u(n) + u(n—1)]—[a+ Bo(n)}u(n) = —1, n= 0, 
= 0, nF 0, 


and tends to 0 at + 00; the proof is based on a method of 
M. Kac [Trans. Amer. Math. Soc. 65 (1949); 1-13; MR 
10, 383], and the result is used to evaluate the law of 
supest (8) which was also obtained by Baxter and 
Donsker [ibid. 85 (1957), 73-87; MR 18, 944). 

H. P. McKean, Jr. (Cambridge, Mass.) 


10008 : 

Chatterji, 8. D. Martingales of Banach-valued random 
variables. Bull. Amer. Math. Soc. 66 (1960), 395-398. 

The author develops a theory of martingales for Banach- 
space-valued random variables. Starting with Bochner- 
integrable random variables, for which the Radon- 
Nikodym theorem does not hold, he first shows that he 
nonetheless can establish the existence of conditional 
expectations with respect to fields with the properties he 
desires. Using these results, he establishes a number of 
theorems parallel to the well-known martingale theory of 
Doob et al. The reviewer will not here repeat the state- 
ments of the theorems, for that would involve essentially 
re-publishing the entire announcement. 

A. Beck (Madison, Wis.) 


10009 : 
Prékopa, Andrés. On secondary processes generated by 
a random point distribution of Poisson type. Ann. Univ. 


Sci. Budapest. Eétvés. Sect. Math. 1 (1958), 153-170. 

Let T and Y be abstract spaces, {t,}, a sequence of 
random points having a Poisson distribution in 7’, and 
{yn}, @ sequence of identically distributed, independent 
random variables taking values in Y. The author proves 
that if {tn} and {y,} are independent sequences then the 
pointpairs (t,, yn) are distributed in the product space 
T x Y in accordance with the Poisson law. Three examples 
are also given. L. Takdes (New York) 


10010: 
Girsanov, I. V. On Ito’s stochastic integral equation. 
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Dokl. Akad. Nauk SSSR 138 (1961), 18-21 (Russian); 
translated as Soviet Math. Dokl. 2, 506-509. 

The author studies the stochastic integral equation 
(ssustsT) 


t t 
se(ww) = see(wo) + i} o(t, u(w)) dé + f ate; mtu On. 


Here o(u, x) is a matrix while m(u, x) is a vector in the 
n-dimensional Euclidean space R*. The n-dimensional 
random process z;(w) is continuous in ¢ and £;,(w) is an 
n-dimensional Wiener process. 

The author considers the case where the coefficients 
o(u, x) and m(u,z) are not necessarily continuous. He 
imposes certain restrictions on these coefficients in the 
neighborhood of the discontinuity points and he gives 
existence and uniqueness theorems which hold, provided 
that these restrictions are satisfied. 

E. Lukacs (Washington, D.C.) 


10011: 

Theodorescu, R. On an abstract integral in probability. 
Rev. Math. Pures Appl. 3 (1958), 277-281. 

Let Xy be a stochastic process on the interval [wo, w:], 
with values in the Banach space %. A stochastic integral 
for X, is a random variable X such that f x*(Xu)du= 
x*(X) for all z*¢X* (the integral being taken in the 
topology of convergence in measure for random variables). 
Various simple consequences are proven. Also, a general- 
ization is mentioned where for du is substituted dy, y 
being a function on [wo, u:] whose values are real-valued 
random variables. J. Feldman (Princeton, N.J.) 


10012: 
Hida, Takeyuki. Canonical representations of Gaussian 
and their applications. Mem. Coll. Sci. Univ. 
Kyoto. Ser. A. Math. 38 (1960/61), 109-155. 

L’auteur reprend les recherches de P. Lévy sur les 
représentations de la forme f* F(t, u)dB(u), en apportant 
certaines précisions et en fournissant des démonstrations 
plus systématiques. Il donne, en outre, des conditions 
nécessaires et suffisantes pour l’existence d’une repré- 
sentation canonique et un critére pour qu’une représenta- 
tion soit canonique et propre. Il en utilise les noyaux 
reproduisants de Aronszajn. Les représentations canoniques 
sont utilisées ensuite 4 l'étude des processus markoviens 
d’ordre nm. Un tel processus Y(¢) est défini essentiellement 
par la propriété suivante : {#( Y(t;)| Bz,)}, i=1, ---, m, sont 
linéairement indépendants et {H( Y(t)|B:,)}, i=1, ---, , 
n+1, sont linéairement dépendants pour tous to Sti < 
ta<+++ <by <tyys. 

On démontre que ces processus ont des versions de la 
forme X(t)=f* >?_, filt)gd(t)d Blu), avec det(fi(t;))#0 et 
g: linéairement indépendantes. Si le processus est station- 
naire, les fonctions f; et g; constituent des systémes 
fondamentaux de solutions pour deux systémes d’équations 
différentielles linéaires conjugués a coefficients constants. 
L’auteur donne la forme du prédicteur pour le cas général. 

Enfin, il étude le processus M,(¢) de P. Lévy (la moyenne 
sur la sphére n-dimensionnelle d’un mouvement brownien). 
En le transformant dans un processus stationnaire, il peut 
élucider le cas ot n est impair. 

G. Marinescu (Bucharest) 
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10013: 

Blumenthal, R. M.; Getoor, R. K. Some theorems on 
stable Trans. Amer. Math. Soc. 95 (1960), 
263-273. 

Symmetric stable processes in R* of index a, 0<a<2, 
are considered and sample function properties of these 
are obtained, extending some results of McKean [Duke 
Math. J. 22 (1955), 229-234; Ann. of Math. (2) 61 (1955), 
564-579; MR 16, 1036] on the Hausdorff-Besicovitch 
dimension of the range of the sample functions, and some 
results of Bochner [Harmonic analysis and the theory of 
probability, Univ. of Calif. Press, Berkeley, 1955; MR 17, 
273] on the variation of same. 

K. L. Chung (Syracuse, N.Y.) 


10014: 

Kané, Seigo. Linear controlled stochastic processes 
with continuous parameter. Bull. Math. Statist. 9 (1960), 
no. 1, 43-49. 

The author introduces and discusses the integral 
equation in y(t) (in quadratic mean) 


t “ 
y(t) = x(t)+ [) du i, C(u, v){é(v) — y(v)} dv, 


where z(t) and y(t) are second order random functions. 
An explicit solution is obtained and conditions for 
uniqueness are given. Stationarity and “mean square 
error” are examined. Finally, two specific examples are 
discussed in detail. M. Loéve (Berkeley, Calif.) 


10015: 

Katz, Melvin, Jr.; Thomasian, A. J. A bound for the 
law of large numbers for discrete Markov processes. Ann. 
Math. Statist. 32 (1961), 336-337. 

Authors’ summary : “An exponential bound is obtained 
for the law of large numbers for S,=>%_, f(Xz) where 
{X,: k=1, 2, ---+} is a discrete parameter Markov process 
satisfying Doeblin’s condition and f is a bounded real- 
valued, measurable function.” 

K. L. Chung (Syracuse, N.Y.) 


10016: 
Chacon, Rafael V. Limit properties at zero of the 
Markov semi-group. Amer. J. Math. 82 (1960), 106-112. 
Let {x(t, w), t € (0, 00)} be a stationary Markov process 
with state space X and transition function P;(z, A); and 
let (Q, F, P) be a probability triple, and # a Borel field 
of sets of points of X. Assuming that the P;(z, A) satisfy 
(1) for each te (0, 0), re X, Pi(x, -) is a probability 
measure on &, (2) for each te (0, 00), Ae B, P;(-, A) is 
4-measurable, (3) the Chapman-Kolmogorov equation, 
and (4) for each x « X and A € &, P;(z, A) is a continuous 
function of t, the author proves the following theorems. 
(1) If Ge Y, xe X, and u>0, then P,(y, G) converges to 
de(y) [= 1 if y € G, and 0 otherwise] in P,(z, -)-measure, as 
t+0. (II) If for each Ac, u>O and eX, Ply, A) 
converges, as t+0, in P,(z, -) measure, then there exist 
functions U(y, A) defined for all ye X and A € #; such 
that (i) U(-, A) is Y;-measurable, for each A € &, (ii) 
U(y, G)= =Se(y), for each G € Y;, and cai) U(y, Ui: A;)= 
~1 U(y, As) for every sequence {A;} of pairwise disjoint 
sets of #, except on a set N ( on the sequence 
{A;}) such that P(x, N)=0 for each t>0 and ze X, and 
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(iv) lims—o f | Poly, ms 3 U(y, A)|Pdz, dy)=0, for each 
xe X,t>0, and Ac@. In the above @ is the 
Borel field generated by sets of the form {x: P:(x, A) € (a, b} 
for each t>0, A € &, and a, b real; G91 =) zcx,1¢(0,0)F iz, 
(where ¥(z,% denotes the completion of Y with respect to 
Pz, -)), and #, is the smallest Borel field containing 
Y, and @. Theorem II is analogous to a Markov chain 
result of Doob [Trans. Amer. Math. Soc. 52 (1942), 37- 
64; MR 4, 17]. Hypothesis (4) given above replaces the 
usual one, namely lim;+9 P;(z, A)=1 if ze A. 

A. T'. Bharucha- Reid (Eugene, Ore.) 


10017: 

Ueno, Tadashi. On recurrent Markov processes. 
Kédai Math. Sem. Rep. 12 (1960), 109-142. 

Let X; be a Markoff process with values in the separable 
locally compact space R, with right-continuous sample 
functions having left limits. Assume that Pr,{X; ¢ U for 
some 0<t<co}=1 for each z and nonempty open U. 
For each closed set K let h¥(x, -) be the hitting measure 
for K starting at x. A number of special topological 
assumptions on R and regularity assumptions on the AX 
are made. Then, for K, L closed, disjoint, with nonempty 
interior, there is a unique measure yzX on K of mass | 
which is invariant under the transition function 7';*(z, -)= 
J A*(x, dy)hX(y, -), and it follows that pzX =p,"hX*. If 
G®-K(z, A) is defined as the expected number of hits of A 
before arriving at K, starting from z, then the measures 

prXGR-L + ux GR-K all are constant multiples (via con- 
stants 1/C(L, K)) of a single measure m which is invariant 
for the original process. If » is a measure of mass 1 on K, 
then »(7'1*)* converges exponentially (in total variation) 
to uz*. Theorem 4.2: Let G be the infinitesimal generator 
of the process, with domain D. Then for each f € D there 
is a unique pram with Gf=dy;/dm, and such that the 
potential f g®-K(x, y)u(dy) coincides with hXf(x)—f(z) 
(for closed K with nonempty interior, and R — K compact). 
Corollary : f ¢ D is harmonic for the process, at all points 
of DC R, if and only if Gf=0 in D. Now let R be the plane, 
and assume that AX(z, -) is the same as that for a 
Brownian motion starting at x. If KC one component of 
R-—L, then (1) wr* is proportional to the classical 
equilibrium distribution for the Green kernel of the 
component, and (2) for an appropriate normalization of 
m, C(K, L) becomes the corresponding classical Green’s 
capacity of K. Furthermore, one version of g®-* is the 
classical Green’s kernel. Thus, in this case, g®-* is deter- 

mined by the hitting measures. 
J. Feldman (Princeton, N.J.) 


10018: 

Ventcel’, A. D. Non-negative additive functionals of 
Markov Dokl. Akad. Nauk SSSR 187 (1961), 
17-20 (Russian); translated as Soviet Math. Dokl. 2 
218-221. 

Let g;* be a non-negative homogeneous additive func- 
tional on a Markov process, 0<s<t< oo, continuous on 
the right with respect to t. Then f(x)=(def) Mzp~° is 
“excessive”, ie., f(z)20, Tif (x)=(def) Mzf(x) <f(2), 
T .f (x)—>f (x) as t—>0. The author calls this a representation 
of f(x) in the form of a generalized potential, and discusses 
the converse question, namely when an excessive function 
is representable as a generalized potential, especially for 
the three-dimensional Wiener process. 

J. @. Wendel (Ann Arbor, Mich.) 
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10019: 

Motoo, Minoru. Diffusion process corresponding to 
4) 08/dat2 + Sb*(x)d/da*. Ann. Inst. Statist. Math. Tokyo 
12 (1960), 37-61. 

“We construct the diffusion process corresponding to 
the operator A = 450?/(da*)?+ > b*(x)d/(aa*) in the N- 
dimensional space, where the b‘(z) are bounded uniformly 
continuous functions on the whole space, and investigate 
properties of the semi-group associated with this process. 
We construct the process in the space of continuous paths 
by using the stochastic integral [K. Ito, Nagoya Math. J. 
1 (1950), 35-47; MR 12, 425). It is shown that the process 
constructed is absolutely continuous with respect to the 
Brownian motion and vice versa, so far as the paths 
during a finite time are concerned. The method of con- 
struction is essentially the same as in G. Maruyama [Nat. 
Sci. Rep. Ochanomizu Univ. 5 (1954), 10-20; MR 16, 
724] although this paper treats the one-dimensional case. 
It is shown that the semi-group associated with this process 
can be restricted to certain functional spaces (for example, 
the space of continuous functions vanishing at infinity) 
and is strongly continuous on these spaces. These spaces 
are normed by the maximum absolute value. Assuming the 
Lipschitz condition for 5‘(z), the Hille-Yoshida generator 
of the semi-group with its domain is investigated, which 
is a closed extension of A in a certain sense. Especially 
Dynkin’s generator of this process is represented in a 
form independent of the process.’ (From the author’s 


summary.) 

The construction of the process is as follows: Let 
b(x) = (bx), ---, b@(x)) be a vector-valued function on 
RN such that the b* are uniformly continuous. Let 24(t) = 
x(t, w) be the components of Brownian motion on RY 
starting at the point z. Set Jz(t, w)=Jfot > b'(x(t))dat(t) 
(stochastic integral), K(¢, w)= 4 fo* (> 5*(x(t))?)dt, Ie(t, w) = 
J(t, w)+K(t, w), and F,(t, w)=exp(Jz(t, w)). Then 
(restricting consideration to the time interval [0, ¢]) F(t, du 
is the Radon-Nikodym derivative with respect to th 
Brownian measure of the required diffusion process. 

E. Nelson (Princeton, N.J.) 


10020: 

Dynkin, E. B. Markoff processes and analysis prob- 
lems connected with them. Uspehi Mat. Nauk 15 (1960), 
no. 2 (92), 3-24 (Russian); translated as Russian Math. 
Surveys 15 (1960), no. 2, 1-21. 

A review of results obtained in the last decade or so, 
including such topics as the strong Markov property, 

ion processes and the associated infinitesimal 
operators, superharmonic functions, stochastic differential 
equations. The stress is more on generalities than on 
particular results. K. L. Chung (Syracuse, N.Y.) 


10021: 

Ornstein, Donald. The differentiability of transition 
functions. Bull. Amer. Math. Soc. 66 (1960), 36-39. 

Let Py(t) (i, j=1, 2, --- and O<t<co) be a matrix 


of real-valued Senctions satisfying (1) Pylt) is non- 
negative and continuous, (2) Pi(0)= dy, (3) Py(s+t)= 
dF. Pals) P(t), and a Ddj-1 Pu(t)=1. Kolmogorov con- 
jectured [Moskov. Gos. Univ. US. Zap. 148, Mat. 4 (1951), 
53-59; MR 14, 295] that Pit) has a finite continuous 
derivative for all t>0. Doob showed [Trans. Amer. Math. 
Soc. 52 (1942), 37-64; MR 4, 17] that P,(t) has a right- 
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hand derivative (possibly infinite) at t= 0 and 
showed [op. cit.] that this derivative is finite if i¢j (if 
i=) there are examples where it is infinite). Austin showed 
[Proc. Nat. Acad. Sci. U.S.A. 41 (1955), 224-226; Proc. 
Amer. Math. Soc. 7 (1956), 751-761; MR 16, 1130; 18, 
424] that P;,(t) has a finite continuous derivative for ¢>0 
if either P;,(t) or P;;(t) has a finite derivative at t=0. The 
author shows that P;,(t) has a finite continuous derivative 
for all t>0 and hence affirms Ko v's conjecture. 
H. P. Edmundson (Los Angeles, Calif.) 


10022: 

Moy, Shu-Teh Chen. Equalities for stationary pro- 
cesses similar to an equality of Wald. Ann. Math. 
Statist. 31 (1960), 995-1000. 

Let (Q, F, P) be a probability measure space and let 7 
together with its inverse be measure-preserving mappings 
of Q onto itself. For a set H of positive measure let mo=0, 
and for k2 1 let m, be the kth positive integer j such that 
Ti(w) ¢ Z. Define the kth recurrence time of Z by y%= 
Mz — Mz-1. It follows by the Poincaré recurrence theorem 
that the functions vz are finite-valued almost everywhere 
under the measure Pg(A)= P(A M E£)/P(Z). Define the 
mapping S by S(w)=7")(w). The author shows that 
(i) S is Pg-measure-preserving, (ii) S*-1v,; =», with Pz- 
measure one, and (iii) S*(w)=71@)+--+© (w), As a 
consequence the author shows that if X is any measurable 
function and X,=7*X, then the sequences {X,,} and 
{X.,4---44_,41+ +++ +Xy,4---4,} are stationary under 
P,-measure. The author further shows the following. 
(iv) If X is P-integrable and 7' ergodic, then 


[its +2,)0Ps to ({x.aP)({»aPs) 


l 
= Bop | Xs 4P. 


(v) If X is Pg-integrable and 7 ergodic then X,, is Pz- 
integrable and f X,.dPg=f XdPz. (vi) If T is ergodic, so 
is 8. 

{We remark that a simplification can be obtained by 
proving (vi) directly and utilizing this result to prove 
(iv).} R. V. Chacon (Ithaca, N.Y.) 


10023: 

Silverman, Richard A. Ani 
processes. IRE Trans. IT-6 (1960), 485-490. 

Author’s summary : ““We construct a family of random 
step functions {z,(t)} whose members all have the same 
power spectrum and such that as n—>0o, z,(¢) converges 
to x(t), the Gaussian process with the same spectrum. 
We illustrate the procedure for calculating the general 
multivariate distribution of the processes {x,(t)} by 
calculating the univariate, bivariate and trivariate distri- 
butions. We show how a suitably constructed univariate 
entropy can serve as an index of the extent to which 
%»(t) has approached the Gaussian limit z.(t).” 

E. Parzen (Stanford, Calif.) 


of random 


10024: 

Blanc-Lapierre, André. Les fonctions aléatoires station- 
naires réversibles. C. R. Acad. Sci. Paris 251 (1960), 
1957-1959. 

Soit X(t) € (co) [cf. A. Blano-Lapierre et R. Fortet, 
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10025-10028 


Théorie des fonctions aléatoires, Masson et Cie, Paris, 
1953; MR 15, 883; p. 366] une fonction aléatoire réelle 
stationnaire de tous les ordres [ibid., p. 418], telle que 


E{X(t)}}=0; X(t) est réversible si pour to, k, hi, ---, he 
quelconques on a 
E{X (to+hx)---X(to+he)} = E{X(to—hi)- - -X(to—hz)}. 


D’abord on montre que la propriété de réversibilité se 
maintient a travers des filtres linéaires non déphaseurs 
(c’est-A-dire & réponses percussionnelles réelles et symé- 
triques). Ensuite on donne des conditions de stabilité du 
caractére réversible 4 travers des filtres quelconques. 
Comme cas particulier on considére les fonctions aléatoires 
monochromatiques stationnaires de tous les ordres 
X(t) = p cos (2rvt + ¢). R. Theodorescu (Bucharest) 


10025: 

Gillis, J. A random walk problem. Proc. Cambridge 
Philos. Soc. 56 (1960), 390-392. 

The author considers a random walk on a two- 
dimensional rectangular lattice in which steps are between 
nearest neighbour points. At each step the walker must 
turn either to the right or to the left of his previous step 
with probabilities (1+«a)/2, (l—a)/2, where —1<a<l. 
It is assumed that he starts from the origin and steps to 
one of the four possible nearest neighbour sites with 
probability 1/4. The author computes the probability A 4, 
of return to the origin (not necessarily for the first time) 
after 4n steps to be 


a2™(1 — a®)-1{[ Py (B)]? — a*[ Pa-s(B)]*}, 
where 28=a+l1/a and P,(-) is the nth Legendre poly- 
nomial. It is noted that return in r steps is not possible 
for r#0 (mod 4). For n large it is then shown that Ad, 
asymptotically 
1 1+a? 
7m 1—a? 
and that return to the origin is almost certain. 
D. G. Kendall (Oxford) 


10026 : 

Ramakrishnan, Alladi; Vasudevan, R.; Rajagopal, P. 
Ambi stochastic processes. J. Math. Anal. Appl. 
1 (1960), 145-162. 

Die Verff. behandeln in mehr formaler Weise Prozesse, 
die z.B. entstehen, wenn die Geschwindigkeit eines 
Teilchens nicht als Funktion der Zeit sondern des Ortes 
betrachtet wird. Gegeben sei die Wahrscheinlichkeit 
R,(v'|v)dv’A dafiir, daB ein Teilchen der Geschwindigkeit 
v>0O im Punkte z iibergeht zu einer Geschwindigkeit 
zwischen v’ und v’ +dv’, wenn es sich nach +A bewegt 
(A>0), und entsprechend Re, fiir den Fall v<0. Der 
Verlauf solcher Prozesse wird unter vereinfachenden 
Annahmen, insbesondere nur zweier méglicher Ge- 
schwindigkeiten, durch Lésen von Differentialgleichungen 
fiir Funktionen 7*, 7” oder auch f? und f/ gewonnen, die 
folgendermaBen definiert sind: w®(v, xz, t\vo) ist die 
Wahrscheinlichkeit, da8 das Teilchen zur Zeit ¢ und am 
Orte x mit der Geschwindigkeit v>0O ist, wenn die 
Anfangsgeschwindigkeit vo war, analog 7” fiir den Fall 
v <0, und f(z, t)dt bedeutet die Geschwindigkeit, daB das 
Teilchen zwischen ¢ und ¢+dt die Stelle z von links nach 
rechts tiberquert, entsprechend f/ fiir Uberquerungen von 
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rechts nach links. Eine aus einem Poissonschen Hilfsproze8 
abgeleitete physikalische Interpretation von 7 ergibt 
einen Ausdruck fiir 7, ohne daB die Differentialgleichung 
gelést zu werden brauchte; eine dritte Lésungsmethode 
baut sich auf Ideen von R. Bellman auf und hangt mit 
den “Feynman paths” zusammen. In entsprechender 
Weise werden Mehrteilchenprozesse untersucht, bei denen 
Teilchen auch absorbiert und erzeugt werden kénnen. 


K. Krickeberg (Heidelberg) 


10027: 

Boudreau, P. E.; Kac, M. Analysis of a basic queuing 
problem arising in computer systems. IBM J. Res. 
Develop. 5 (1961), 132-140. 

The queuing system in question is the following: 
bunched arrivals appear at regular intervals before a 
single server with constant service time (a multiple of the 
interarrival interval). Thus the only random variable is 
the size of the bunch; this is specified by the probability 
generating function f(z) = po+piz+ --- +pnz"+---, where 
pn is the probability that the bunch is of size n. Service is 
in order of arrival and arrivals not served immediately 
wait for service as long as necessary. The system is a model 
for the processing of problems in a computer system. The 
system is analyzed as a Markov chain, the states of which 
are specified by two variables, the condition of the server 
(idle or busy) just before an arrival and the number waiting 
just after. Generating functions are found for s-step 
transition probabilities and used to determine the limit 
probability that the server is busy and the expected length 
of queue. (Details are given for a service time twice the 
interarrival time; for other multiples the analysis is 
merely sketched.) Also an analysis is given of a first 
passage problem to a queue length exceeding a given 
number. It is interesting to notice that the limiting 
probability of the server being busy is the smaller of 
(k—1)f’(1) and (k—1)k~!, with k the ratio of service to 
interarrival times. Results are compared with those 
obtained from computer simulations. 

J. Riordan (New York) 


10028 : 
Keilson, J.; Kooharian, A. On time dependent queuing 
Ann. Math. Statist. 31 (1960), 104-112. 

The authors discuss the transient behaviour of the 
queueing systems M/G/1, using the method of supple- 
mentary variables introduced into queueing theory by 
D. R. Cox [Proc. Cambridge Philos. Soc. 51 (1955), 433- 
441; MR 16, 1129]. The present work, however, goes 
beyond that of Cox by investigating the transient 
behaviour even when the service-time distribution does 
not have a rational Laplace transform. The authors write 
W(x, t)dx for the probability that at time ¢ the queue 
length (excluding servee) will be m and the elapsed time 
in service will be between z and x+dz, and they devise 
a technique for solving the “forward” equation 


OW m = 
"4 


with appropriate uf us conditions. Here A is the mean 
rate of arrivals and »(zx)dt is the conditional probability 
of completion of service in (¢, ¢+dt). As an example they 
work out the Markovian case M/M/1 as far as the caleula- 
tion of poo(t) (in the usual notation) for which they 
obtain a formula (their (6.9)) attributed to P. M. Morse 


—— + {A+ n(z)}Wm = AWm-1 
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[J. Operations Res. Soc. Amer. 3 (1955), 255-261; MR 
17, 51], and recognizable as a special case of the spectral 
representation for p(t) given by W. Ledermann and 
G. E. H. Renter [Philos. Trans. Roy. Soc. London Ser. A 
246 (1954), 321-369; MR 15, 625] and S. Karlin and 
J. L. MeGregor [Pacific J. Math. 8 (1958), 87-118; MR 
20 #3611]. This suggests that it would be interesting to 
try to push the present results for M/G/1 into a similar 
form. D. G. Kendall (Oxford) 


10029: 

Sacks, J. Ergodicity of queues in series. Ann. Math. 
Statist. 31 (1960), 579-588. 

The author considers two GI/G/1-queues “‘in series’’, so 
that the output of the first queue becomes the input of the 
second queue. Let yo be the expected interarrival time 
for the system as a whole, and let yi, we be the expected 
service times for the two component queueing system. Let 
a given customer have waiting times W, W* in the first 
and second queues, respectively, and let R be his service 
time in the first queue. The author observes that (W, W*, R) 
can be taken to identify the states in a discrete-parameter 
“imbedded Markov chain” (the “time” parameter being 
the ordinal number of the customer), and by continuing 


lines of argument initiated by D. V. Lindley [Proc. 


Cambridge Philos. Soc. 48 (1952), 277-289; MR 13, 759] 
and J. Kiefer and J. Wolfowitz [Trans. Amer. Math. Soc. 
78 (1955), 1-18; MR 16, 601] he shows that the pair of 
random variables (Wn, W,»*) associated with the nth 
customer will have a limiting probability distribution 
(as n—>oo) if and only if wo > max(y1, 2). He points out 
that W,* will have a limiting probability distribution 
(while W,—>0o in probability) if woS but also pe <p. 
In a concluding section of the paper he extends his main 
result to the case of k GI/G/1-queues in series. Here again 
the necessary and sufficient condition for ergodicity turns 
out to be that the mean interarrival time should exceed 
each of the individual mean service times. 

Such “tandem” queues have also been considered by 
H. Akaike [Ann. Inst. Statist. Math. Tokyo 9 (1957), 
13-22 ; MR 19, 990], P. J. Burke [Operations Res. 4 (1956), 
699-704; MR 18, 707], R. R. P. Jackson [J. Roy. Statist. 
Soc. Ser. B 18 (1956), 129-132; MR 18, 157], and E. Reich 
[Ann. Math. Statist. 28 (1957), 768-773; MR 19, 1203]; 
Akaike, however, dealt with a different queue-discipline, 
while Burke, Jackson and Reich were principally con- 
cerned with M/M/1-queues. D. G@. Kendall (Oxford) 


10030: 

Hatori, Hirohisa. Some theorems in an extended 
renewal theory. II. Kéodai Math. Sem. Rep. 12 (1960), 
21-27. 

The author continues his study of renewal theorems for 
random variables that are not identically distributed 
{same Rep. 11 (1959), 139-146; MR 22 #1001). Let 
Xi, Xe, --- be non-negative independent random variables 
with EX;=a;, i=2, 3, ---, and suppose 


lim (a2+---+@,)/(n—1) = a. 
Let N(t) be the number of sums X;, X:+ Xe, - - -, that are 
less than ¢t. Theorem 1: The condition A: 
lim EN(t)*/t* = a- 


t-o 
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10029-10032 
for a=1, 2, ---, is equivalent to the condition B: 


lim t-*-2 > nP(S» St) = (a+1)-10-1, 
—> 20 n=l 

for «=0, 1, 2, ---. (The sign < may be replaced by <.) 
Condition B is in turn equivalent, even if the X; are not 
non-negative, to the condition 


: l T rs) h 
Jin go | 3 Pt < Be 5 148) = Coe 
for «=0, 1, 2, ---. The author remarks that conditions 


under which the last formula holds for «=0 have been 
given by Kawata [J. Math. Soc. Japan 8 (1956), 118- 
126; MR 18, 75]. The paper concludes with some rather 
complicated relations involving functions of partial sums 
of several independent sequences. 

T.. E. Harris (Santa Monica, Calif.) 


10031 : 

Hatori, Hirohisa. A note on a renewal theorem. 
Kédai Math. Sem. Rep. 12 (1960), 28-37. 

Let X; (¢=1, 2, ---) be independent random variables 
with finite means 2X;=m,> 0, such that 


lim (m+ ---+m,)/n = m 


exists. Let a), a2, --- be non-negative numbers such that 
limp (41+ --- +n)/n=a exists. Let F(x) be the cumu- 
lative distribution of X;. Suppose f_..° e~*'d F’,(t) < oo for 
some s>0 and that both lims.« f_.~4 e~dF,(t)=0 
and lims.«fa®tdF,(t)=0 hold uniformly in n. The 
principal result is that 

lim gocz [dt 5 ayn Pr(t <8 h = 

poe For J & 2 aww Pelt < Sy 58+) = a ipetl 
for a=0, 1, 2, ---. This extends earlier results of the 
author and Kawata for the case «=0. [See the preceding 
review. | T. E. Harris (Santa Monica, Calif.) 


10032: 

Johns, M. V., Jr. Spectral is of a process of 
randomly delayed pulses. IRE Trans. IT-6 (1960), 440- 
444 


Let T;, T'2, - - - be a sequence of independent, identically 
distributed random variables, with distribution F and 
expectation 4<0o. Let N(t) be the first » such that 
Tit+++++Tasy>t, and let U(t)=t—(71+---+T yw). 
Let Y(t), Yo(t), (Ostsc) be a uence of 
independent stochastic processes with H{Y,(t)}=€(t), 
E{Y.(8)Y(t)}=¢(s, #) (finite-valued, independent of n). 
Let X(t)= Yyw(U(t)) (#20). Thus X(é) is the sum of a 
sequence of random p by random times, 
within the time interval [0, ¢]. #{X(t)} and the covariance 
R(s, t) of X(t) are evaluated in terms of F (provided F 
is sufficiently well-behaved), », £, and m. R(s, +t) con- 
verges to a limit R*(t) as soo, and in case ¢ and — are 
bounded this limit is calculated to be 


max (0,c—t) 
wf’ p(w, w+#)[1— F(t+u)] de 
—p-? ( f o(u){1 — F(u)] du) 


J. Feldman (Berkeley, Calif.) 
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See also A9437, 9981, 9983, 
10032, 10165, 10655, 10776. 


10033 : 

Ban yep Bapgen, B. Ji. [van der Waerden, B. L.}. 
%Matemaruueckan ctaTuctuka [Mathematische Statistik]. 
Translated from the German by L. N. Bol’Sev; edited 
by N. V. Smirnov. Izdat. Inostr. Lit., Moscow, 1960. 
434 pp. 19.20r. 

Der russischen Ausgabe des Buches von Van der 
Waerden wurde eine Vorbemerkung der russischen 
Redaktion vorangestellt, welche das Werk in wenigen 
Worten trefflich kennzeichnet. Es hei®t dort in etwas 
freier Ubersetzung: ‘Dieses Buch macht den Leser mit 
den Grundlagen der Mathematischen Statistik vertraut. 
Auf mathematisches Strenge wird nicht verzichtet, doch 
gliickt es dem Autor seine Darlegungen in einer Weise zu 
fassen, daB fiir die Lektiire des Buches irgendwelche 
speziellen mathematischen Kenntnisse nicht erforderlich 
sind. Die zahlreichen Beispiele, welche die Anwendung 
der Mathematischen Statistik in verschiedenen Aufgaben 
wissenschaftlicher und praktischer Natur illustrieren, sind 
von betrachtlichem Interesse ...’’ In der Tat stellen die 
vielen Beispiele—deren Bedeutung auch dadurch unter- 
strichen wird, daB sie in einem Anhang zusammengestellt 
und nach Sachgebieten aufgegliedert sind—Kristallisa- 
tionskerne dar, welche die Entwicklungslinien der Darstel- 
lung vielfach beherrschen. Die auf anderen Gebieten langst 
erprobte Darstellungsgabe des Autors ist dabei Pate 
gestanden. Ubrigens sind einige reizvolle Beispiele einem 
weiteren Gebiet entnommen, da6 der Autor mit Vorliebe 
pflegt: Der Geschichte der Mathematik. Gegenstande, 
deren Verstindnis ein sehr weitgehendes Eindringen in 
theoretische Fragen zur Voraussetzung hitte, wie die 
Entscheidungstheorie, statistische Fragen bei stochastis- 
chen Prozessen u.a. werden nicht betrachtet. Die russische 
Redaktion hat auBer der erwihnten Vorbemerkung ein 
eigenes Vorwort beigesteuert und zahlreiche FuBnoten 
zum Text angebracht, welche sich meistens auf russische 
Literaturangaben beziehen. In der Ubersetzung wurden 
manchesmal kleinere oft selbstverstindliche Verbesse- 
rungen vorgenommen. Das vom Autor in der deutsch- 
sprachigen Originalausgabe (Springer, Berlin, 1957; MR 
18, 771, 1119) beigefiigte kleine deutsch-englische Fach- 
worterverzeichnis erscheint hier als russisch-englisches 
Verzeichnis und kann—nebenbei erwahnt—in umgekehrter 
Richtung als Ubersetzungshilfe beim Studium russischer 
Arbeiten zur Statistik von Nutzen sein. 

L. Schmetterer (Hamburg) 


10034: 

Brownlee, K. A. Statistical theory and 
in science and ineering. A Wiley Publication in 
Applied Statistics. John Wiley & Sons, Inc., New York- 
London, 1960. xv+570 pp. $16.75. 

The author in his preface states in part that his book 
“... has grown out of a three-quarters sequence using 
very slight mathematics, roughly college algebra, partly 
for students in the experimental sciences and partly for 
statistics majors, the main objective being to give both 
groups some facility and self-confidence in the actual use 
of statistical methods. 

“For these purposes it would be unsatisfactory to 
provide nothing but recipes for the standard statistical 
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methods: conversely, one could dwell on theory to the 
serious detriment, in fact, exclusion, of instruction in the 
use of the methods. In choosing a middle ground between 
these two extremes, I have leaned towards attempting to 
convey understanding of principles rather than practice, 
a choice rationalized on the ground that at this mathe- 
matical level the market is better provided with textbooks 
for the latter than the former . . .” 

Although the level of mathematics used is stated to be 
not high, the book is mathematically very difficult to read 
for the uninitiated. Pages full of complicated notation 
abound (this may be one reason for the high price of the 
volume) and students in the experimental sciences with 
little mathematical background will not read far unaided. 
Nor will they always obtain the understanding of principles 
that the author emphasises in his preface. For example 
that “important but elusive, topic ... robustness” is 
indeed elusive if one looks at the Bartlett test for equality 
of several variances. Theory and example, with a warning 
about the modifications necessary for small samples, 
appear on pp. 225-227. Robustness of the test is men- 
tioned briefly on p. 241. The fact that the effects of 
non-normality are far more serious than those of small 
samples is not brought out. 

At certain points of the text, the English, even without 
mathematics, is hard to follow. For example, on pp. 434- 
435 we read: “The structure of this experiment is rather 
different from what we have previously encountered. If 
the coils were crossed across annealing method, so that 
the first coil with annealing method 1 corresponded in 
some way with the first coil with annealing method 2, 
and the second coils likewise, etc., then we would have a 
three-way analysis with replication in the cells. However, 
this is not the case: The coils are not so crossed, but 
instead are nested within the annealing methods. Alterna- 
tively, if the locations were random samples from each 
coil, so that they were nested within the coils, with no 
crossing of location 1 across coils or annealing methods, 
then we would have a purely nested or hierarchical situa- 
tion, with four classifications, namely, annealing methods, 
coils within annealing methods, locations within coils, and 
replications within locations. However, this is not the 
case: The locations are a model I effect crossed across 
coils and annealing methods. What we have is a partially 
hierarchical or crossed nested situation . . .”. 

This book would be of most value to the beginning 
statistics major who is looking for an expanded presenta- 
tion of basic statistical theory together with numerical 
examples which will fix and connect ideas. It might 
therefore serve as a text for a beginning course in mathe- 
matical statistics—a mathematical course with numerical 
examples. Students in the experimental sciences are better 
served by books already available. 

N. R. Draper (Madison, Wis.) 


10035 : 

Arias B., Jorge. Some 
Estadistica 18 (1960), 32-51. 
mary) 


graphical methods in statistics. 
(Spanish. English sum- 


10036: 

Severo, Norman C.; Zelen, Marvin. Normal approxima- 
tion to the chi-square and non-central F probability 
functions. Biometrika 47 (1960), 411-416. 
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The authors present normal approximations, based on 

a cube-root transformation, to the chi-square and non- 

central F probability distributions. Comparisons between 
various methods are made [see #10037]. 

I. Olkin (Minneapolis, Minn.) 


10037 : 

Barton, D. E.; David, F. N.; O’Neill, Anne F. Some 
properties of the distribution of the logarithm of non- 
central F. Biometrika 47 (1960), 417-431. 

The authors discuss the log-transformation of the non- 
central F distribution, as well as a normal approximation 
to the distribution of the transformed variate. Tables to 
facilitate the use of the approximations are included. 
There is an editorial note which offers some comparisons 
with the method of Severo and Zelen [#10036]. For the 
parameter values chosen, there seems to be little difference 
in accuracy between the two approximations. 

I. Olkin (Minneapolis, Minn.) 


10038 : 

Kamanos, M. K. [Kamalov, M. K.]. %Pacnpegenenue 
KBapaTHYHbix opm B BLIGOpKax H3 HOPMAaNbHOH COBOKyN- 
nocTu [Distribution of quadratic forms in samples of a 
normal population]. Akad. Nauk Uzbek. SSR, Inst. Mat. 
Meh. Izdat. Akad. Nauk Uzbek. SSR, Tashkent, 1958. 
289 pp. 14.60 r. 

A classical treatment of the classical subject, with 
applications to analysis of variance but not to questions 
of the power of the classical tests (i.e., to non-central 
x? distributions). J. Wolfowitz (Ithaca, N.Y.) 


10039 : 

Sandiford, Peter J. A new binomial approximation for 
use in sampling from finite populations. J. Amer. Statist. 
Assoc. 55 (1960), 718-722. 

A new way of fitting the distribution of the number of 
one kind (attribute) in a sample of n from a finite batch 
of N units with Np of this kind, is advocated. The binomial 
distribution with the same mean and variance as this 
hypergeometric distribution is used; this has a different 
p and index r not equal to n. The third moments are 
compared. Numerical tables using the nearest integral r 
show a much better fit than the usual binomial one, for 
various p and N=100, n=10 and 20. It is better, too, for 
accumulated probabilities, direct and inverse, a few 
cases of which are also com with Wise’s approxima- 
tion [Biometrika 41 (1954), 317-329; MR 16, 600]. 

M. E. Wise (Oxford) 


10040: 

Cansado, E. About moments and factorial coefficients. 
Bull. Inst. Internat. Statist. 35 (1957), no. 2, 77-84. 
(Spanish and French summaries) 

Let 9(t)=J-0.® ed F(x) =>" at /r! be the ordinary 
moment generating function ; a, are the ordinary moments 
of the distribution F(z). Let w(z)=f_.® (1+z)*dF(x)= 
dr-0 &@)2"/r! be the factorial moment generating function ; 
«) are the factorial moments of F(x). Relations between 
these two sets of moments are then expressed in symbolical 
form. It is shown that a, =w(A)0", where A™0r =[A™z)],~0, 
and that ar) = p( DO," where D=0r =[D™2"]z-9. The 
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formulas resulting from these symbolical expressions are 
written down for the special cases of the rectangular and 
Gamma distributions (continuous) and the Bernoulli and 
Poisson distributions (discrete). 

J. G. Herriot (Stanford, Calif.) 


10041 : 

Okamoto, Masashi. An inequality for the weighted 
sum of x? variates. Bull. Math. Statist. 9 (1960), no. 2/3, 
69-70. 

The following theorem is proved. If X,, - 
independent random variables, X;~ yn,2, then 


PS aX; < 1} ~— P{ax < 1}, 


, Xp are 


where @, ---, @ are positive constants, X ~ y,”,n => m, 
and a* = 7a,". I. Olkin (Minneapolis, Minn.) 
10042: 


Weissberg, Alfred; Beatty, Glenn H. Tables of toler- 
ance-limit factors for normal distributions. Techno- 
metrics 2 (1960), 483-500. 

The authors provide tables of r(N, P) and u(f, y) whose 
product is K. Given a normal distribution with mean u 
and standard deviation o, two-sided tolerance limits 
X + Ks may be computed which cover a proportion P of 
the normal distribution with confidence y. Here X is the 
sample mean, and s* is the sample variance based on f 
degrees of freedom. The values of r(N, P) are given for 
P =.50, .75, .90, .95, .99, and .999, NW =1(1) 100(5) 200(10) 
300(20) 500(100) 1000(1000) 3000, 5000, 10,000, and oo. 

For u(f, y), y=-90, .95, and .99, while f has the same 
range as N. As compared with previous tabulations, the 
present one gives compactness and flexibility. Examples 
illustrate the use of the tables. 

L. A. Aroian (Los Angeles, Calif.) 


10043 : 
Sarkadi, K. On the median of the distribution of 
exceedances. Ann. Math. Statist. 31 (1960), 225-226. 
Let n be the sample size and m (=1, 2, ---, mn) the 
rank of an observation (counted from the top); then 
Gumbel and von Schelling [same Ann. 21 (1950), 247- 
262; MR 11, 732] have given a complicated proof that the 
median of the number z (=0, 1, 2, ---, m) of exceedances 
of the mth observation in a second sample of size n taken 
from the same population is m—1. An astonishingly 
simple proof of a more general statement is given here. 
The distribution of the number of exceedances is inter- 
preted as being Pascal’s urn model without replacement. 
E. J. Gumbel (New York) 


10044: 

Gumbel, E. J. Statistical of extreme values. 
Bull. Inst. Internat. Statist. 36 (1958), no. 3, 12-14. 
(French summary) 

The author describes very briefly the nature of the 
subject in the title. G. Newell (Providence, R.1.) 


10045: 

Gumbel, Emile J. Distributions des valeurs extrémes 
en plusieurs dimensions. Publ. Inst. Statist. Univ. Paris 
9 (1960), 171-173. 





10046-10052 


The paper describes some bivariate distributions having 
marginals which are extreme value distributions. 
G. Newell (Providence, R.I.) 


10046 : 

Patil, G. P. On the evaluation of the negative binomial 
distribution with examples. Technometrics 2 (1960), 501- 
505. 

It is shown that 


r (k+2z—-1 

> ben ) php 

z=0 

with 0<p<1, 0<k<o@, x=0, 1, 2, ---, can be evaluated 
as a cumulative sum of a (positive) binomial distribution 
for integral k, or as an incomplete f-function for any 
k>0. As a consequence an ordinary single sampling 
acceptance plan with sample size n and acceptance 
number c and a single-sample inverse sampling plan in 
which drawings are continued until k defectives are found 
with acceptance if not more than N drawings are required, 
are equivalent if N=n and k=c+1, a result that seems 
intuitively clear. C. C. Craig (Ann Arbor, Mich.) 


10047 : 

van Eeden, Constance. Some approximations to the 
percentage points of the non-central t-distribution. Math. 
Centrum Amsterdam Rap. No. 8 242 (1959), 58 pp. 

Exact percentage points of the non-central ¢-distribu- 
tion may be obtained from the tables of Resnikoff and 
Lieberman [Tables of the non-central t-distribution: density 
function, cumulative distribution function and percentage 
points, Stanford Univ. Press, Stanford, Calif., 1957; 
MR 19, 187] and Johnson and Welch [Biometrika 31 
(1940), 362-389; MR 1, 346]. However, there are still 
values of the parameter for which an approximation 
would be useful. The present report provides a detailed 
discussion and comparison of six approximations, plus 
some modified versions. None of these is uniformly best, 
but two of the approximations are predominant in that 
they yield values which are closest to the exact values. 

I. Olkin (Minneapolis, Minn.) 


10048: 

Rider, Paul R. The method of moments applied to a 
mixture of two exponential distributions. Ann. Math. 
Statist. 32 (1961), 143-147. 

The method of moments is applied to estimating the 
parameters p, 6,, and 42 in the density : 


f(x) = pOy—%e-7/" + (1 — p)Og-1e-/%2, 


The estimates of 6, and 62 are the roots of a quadratic, 
and may fail with positive probability to be both positive 
—or even real. They are, however, consistent if 01:4 02 
(and otherwise not). If p is taken as known, then @; and 
62 can be estimated consistently if it is known which of 
6, and @2 is greater. (There are two different sets of 
estimates, one for each pcssibility.) Again if 6;= 62 there 
are complications : The estimates approach the parameters 
(in the complex plane) at rate n-1/4 and the probability 
that the estimates are complex does not tend to zero. 
The asymptotic variances are given for the case p known. 
The author does not recommend the estimates “for 
practical purposes’. L. EH. Moses (Stanford, Calif.) 
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10049 : 

Moranda, P. B. Effect of bias on estimates of the 
circular probable error. J. Amer. Statist. Assoc. 55 
(1960), 732-735. 

Let (X;, Y;) be NID with means (m1, m2), variances o? 
(t=1, ---, m). The circular probable error (CEP) is 
defined to be the radius of the mean-centered circle 
encompassing 50% of the distribution of the joint random 
variable (X;, Y;) and hence is a multiple of c. The estimate 


CEP, =cx(n)(5 X;2+5 Y,2)¥2 is known to be minimum 
variance unbiased estimate of CEP if m,;=m2=0. If 
Mm, Mg are not zero, another estimate 


CEP, = C2(n) 2 (X;—X)2+ > (Y:- ¥)| . 


may be preferable. The mean-square deviations of these 
estimates from CEP are compared in tabular form. 
D. G. Chapman (Seattle, Wash.) 


10050: 

Graybill, Franklin A.; Morrison, Robert D. Sample 
size for a specified width confidence interval on the variance 
of a normal distribution. Biometrics 16 (1960), 636-641. 

Let X be a normal random variable with mean ,, 
variance o”, and let Z/m—1 be an unbiased estimate of 
o? such that Z/o? has x? distribution, with m—1 degrees 
of freedom. A sample of size n on the random variable X 
is to be drawn, and the usual confidence interval for o? 

(5 1)sn? (n—1)5n? 


computed, viz., 
zal) tats) 


where 82= > (X;—X)?/n—1 and y,%(¢) is the upper 100y 
percentage point of a chi-square variate with t— 1 degrees 
of freedom. Let the length of this interval be L. The 
problem posed is to determine n with the help of the 
preliminary estimate of o?, so that Pri/ZL<d]2*. The 
solution is given and necessary tables are provided for 

various values of a, 8 and m. 
D. G. Chapman (Seattle, Wash.) 





10051 : 

Korolyuk, V. 8S. Asymptotic analysis of maximum 
deviation distributions in the Bernoulli scheme. Teor. 
Veroyatnost. i Primenen. 4 (1959), 369-397. (Russian. 
English summary) 

‘Let Xi, Xe, be a sequence of independent, 
identically distributed binomial random variables, s;= 
Da* (Xi— BXs)//(k Var X4), ow = maxo se sy Se, ov = 

—minosisy &, on) =mMaxocesy |se|, and By(z|z)= 
en® <z|sy =z}, i=1, 2, 3. The paper surveys methods 
and results concerning the problem of asymptotic ex- 
pansions for By“), i=1, 2, 3. The limiting case when {s} 
is a sequence of normalized Poisson random variables is 
also considered. The interest in the problem arises from 
its bearing on the Kolmogorov-Smirnov statistic. The 
bibliography, though more up-to-date, does not seem to 
be as extensive as that given by Darling [Ann. Math. 
Statist. 28 (1957), 823-838 ; MR 20.4390). 

S. G. Ghurye (Evanston, Ill.) 


10052 : 

Sen, Pranab Kumar. On some convergence properties 
of U-statistics. Calcutta Statist. Assoc. Bull. 10 (1960), 
1-18. 
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Let X1, Xe, --- be independent, identically distributed 
random variables, f(X:, X2, ---, Xm) a measurable 
function symmetric in its m arguments, 


U, = ( 2 f (Xe 


y 
M/! 150,<-<a_sn 
Some convergence properties of the sequence {U,} are con- 
sidered. In particular, the condition H{|f(X1, - - -, Xm)|!**} 
<co for some §>1—1/m is found to be cient for 
U,—>E{f(X1, ---, Xm)} with probability one. 

W. Hoeffding (Chapel Hill, N.C.) 


- Xa,)- 


10053 : 

Katz, Morris W. Admissible and minimax estimates of 
paran eters in truncated spaces. Ann. Math. Statist. 32 
(1961), 136-142. 

Suppose X is a random variable with a density function 
P(t) relative to a given o-finite measure, where p,,(z) = 
B(w) exp (zw) for some unknown value of w. The problem 
is to estimate the expected value of X, when the loss is 
squared error and it is known that w2a, where a is a 
known value. The author develops estimates which he 
shows to be admissible and, in the cases of the Poisson 
and normal distributions, minimax. 

L. Weiss (Ithaca, N.Y.) 


10054 : 

Hey, E. N.; Hey, M. H. The statistical estimation of a 

h Biometrics 16 (1960), 606-617. 

A method is given for fitting a function of the type 
(X —a)(¥Y —b)=c, to a set of observations by minimizing 
a quantity that closely approximates to the sum of the 
squared standardized normal residuals. A numerical 
example is given. Tests of goodness of fit are also con- 
sidered. It is also shown that certain difficulties hitherto 
associated with maximum likelihood solution to a relation 
between variables, all of which are liable to experimental 
error, are due to confusion between the root-mean-square 
standardized residual and the root-mean-square standard- 
ized normal residual. V. S. Huzurbazar (Poona) 


10055 : 

Beale, E. M. L. Confidence in non-linear 
estimation. J. Roy. Statist. Soc. Ser. B 22 (1960), 41-88. 

Suppose yi, ---, Yn are independent random variables 
with normal distributions N(n(E:, 8), o?), t=1, ---, n, 
where ®@ is a vector with p components, p<n and, for 
each i, E& is a vector of given numbers representing 
conditions under which the ith random variable y; is 
observed. Let S(0) = >?_; [ys— (€s, 9)]*, and assume there 
is a unique value of 6, say 6, which minimizes S(6). Let s® 
be an unbiased estimator for o? which is independent of 
Yi, ---+, Ya such that ps®/o? has a chi-square distribution 
with p degrees of freedom. If F.(p, n—p) is the upper 
100a% point of the Snedecor F distribution with p, 
n—p degrees of freedom, the set of values of @ for which 


(1) S(0)—S(6) < ps*F.(p, n—p) 

constitutes an approximate 100(1—.«)% confidence region 
for @ (an exact 100(1—a)% confidence region for @ if 
7(€:, ®) is linear in the components of 6). In this paper 
the author makes a study of the confidence region given 
by (1) for functions »(€;, ®) which are non-linear in the 
components of ®. First he makes an assessment, with 


STATISTICS 














satisfactory results, of the validity of (1) as an approxi- 
mated confidence region in terms of an index of non- 
linearity which he devises. He shows how to make a 
further approximation to the confidence region given by 
(1) which is conservative (that is, a confidence region with 
confidence coefficient at least 1—a). He shows how to 
choose new parameters (as functions of the components 
of ®) so as to minimize his index of non-linearity. Some 
comparisons of his approximate confidence regions are 
made with the asymptotically smallest confidence regions 
one obtains by the methods of maximum likelihood. 

S. 8S. Wilks (Princeton, N.J.) 


10056 : 

Weichselberger, K. Uber die Parameterschitzung bei 
Konti eln, deren Randsummen vorgegeben sind. 
II. Metrika 2 (1959), 198-229. 

Das vom Verfasser entwickelte Iterrationsverfahren zur 
Lésung einer gewissen Maximum-Likelihood-Gleichung 
[Vgl. Metrika 2 (1959), 100-130; MR 22 #1955] ist 
numerisch kaum brauchbar. Er entwickelt daher eine 
Reihe von verwandten Verfahren, welche sich zur 
praktischen Berechnung besser eignen. SchlieBlich ver- 
gleicht er seine Resultate mit friiheren Ergebnissen von 
Deming und Stephan [Ann. Math. Statist. 11 (1940), 
427-444; MR 2, 232], Stephan [ibid. 18 (1942), 166-178; 
MR 4, 24] ua. und ordnet diese Ergebnisse in seine 
Untersuchungen ein. L. Schmetterer (Hamburg) 


10057 : 

Bello, Phillip. Joint estimation of delay, Doppler, and 
Doppler rate. IRE Trans. IT-6 (1960), 330-341. 

Under certain restrictive assumptions the author con- 
siders the problem of estimating the delay, 7, Doppler, v 
(=frequency shift), and Doppler rate, «, parameters in a 

return. Using the method of inverse probability, 
expressions for the variances of the minimum variance 

estimates of 7, v and a are derived. 
K. 8. Miller (New York) 


10058 : 

Cohen, A. Clifford, Jr. Simplified estimators for the 
normal distribution when samples are singly censored or 
truncated. Bull. Inst. Internat. Statist. 37 (1960), no. 3, 
251-269. (French summary) 

Maximum likelihood estimators of the parameters of a 
normal distribution for samples truncated or censored at 
one end are given along with a necessary table. 

H. Teicher (New York) 


10059 : 

Rao, C. Radhakrishna. Theory of the method of 
estimation by minimum chi-square. Bull. Inst. Internat. 
Statist. 35 (1957), no. 2, 25-32. (French summary) 

From the author’s summary: “The general theory of 
estimation by min chi-square has been discussed. It was 
shown with probability tending to one, the absolute 
minimum of x? is attained at a root of the min x? equation, 
which is continuous and tending to the true value. Some 
results of general interest in the large sample theory of 
estimation have also been given. For instance the sufficient 
conditions under which Fisher’s inequality to asymptotic 
variance is true are provided.” 

A communication from the author points out the 
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correction : “For the validity of result (iv) of theorem on 
page 28 it is necessary that 
5 [7r4(9) — m74(90)]? 

a4(8o) 


is bounded away from zero whenever |6 — @o| > 5 for any 5.” 
M. Dwass (Evanston, Il.) 





10060 : 

Hogg, Robert V. On conditional expectations of 
location statistics. J. Amer. Statist. Assoc. 55 (1960), 
714-717. 

In a previous paper [same J. 55 (1960), 265-267; MR 
22 #3051] odd and even location functions, T(z) and 
S(x), were defined, and it was shown that if the under- 
lying random variables have a symmetric distribution, 
then 7’ and S are uncorrelated. It is now proved that if 
the distribution is symmetric about # and ET exists, then 
E{T|S =s}=80. A multivariate extension is obtained which 
has implications in ets unbiased estimators of 6. 
For example, if Xi, ---, X» is a random sample from a 
symmetrical distribution ‘about 6; Yi, ---, Ymisa random 
sample from another symmetrical distribution about 6, 
then E{(R2M, + RiM2)/( Ri + R2)} =6, where M; and Mz 
are the respective sample medians, R; and Rz are the 
respective sample ranges. J. Olkin (Minneapolis, Minn.) 


10061 : 
Katti, 8. K. Distribution of the likelihood ratio for 
multivariate linear hypotheses. Ann. Math. Statist. 
$2 (1961), 333-335. 

Another proof is given of the result, originally proved by 
Wilks, that if A and B are independent Wishart matrix 
variates, then Wilks’s ratio |A| |A+B|-! has the same 
distribution as a product of independent beta variates. 
The result is extended by showing that if A is noncentral 
of rank 1, then the first beta variate in the product is 
noncentral. A. T. James (New Haven, Conn.) 


10062: 
Basmann, R. L. On finite sample distributions of 
i classical linear identifiability test statistics. 
J. Amer. Statist. Assoc. 55 (1960), 650-659. 

The author obtains by Monte Carlo methods the result 
that for completely exogenous predetermined variables 
the test criterion for identifiability of a single equation is 
closely distributed as F with the appropriate degrees of 
freedom. H. Rubin (E. Lansing, Mich.) 


10063 : 

Laha, R. G.; Lukacs, E.; Newman, M. On the indepen- 
dence of a sample central moment and the sample mean. 
Ann. Math. Statist. 31 (1960), 1028-1033. 

Using a theorem of Yu. V. Linnik [Vestnik Leningrad. 
Univ. 11 (1956), no. 1, 35-48; MR 17, 983] and one of 
A. A. Zinger [Teor. Veroyatnost. i Primenen. 3 (1958), 
265-284 ; MR 21 #941], the authors derive the followi 
result. Let p and N be positive integers such that (p— 1)! 
is not divisible by (N — 1), and let Xi, ---, Xy bea random 
sample from a certain a Then the population is 
normal if and only if X=(Xi+---+X,)/n and m)= 
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> (X,—X) are stochastically independent. The proof 
consists in showing that my, satisfies the assumptions of 
Linnik and Zinger. S. G. Ghurye (Evanston, Ii.) 


10064: 

Pachares, James. Tables for unbiased tests on the 
variance of a normal population. Ann. Math. Statist. 32 
(1961), 84-87. 

From the author’s summary : ““Tables of critical values 
defining an unbiased test are given for testing the null 
hypothesis o?=o»? against the two-sided alternative 
hypothesis o? 9? where o? is the variance of a normal 
population. Use of the tabulated values leads to the 
logarithmically shortest confidence limits for o*, k>0. 
The critical values have been found to five significant 
figures for a=.01, .05, .10, where a is the size of the 
critical region, and for vy = 1(1)20, 24, 30, 40, 60, 120, where 
v equals the degrees of freedom of the chi-square distribu- 
tion. A least-squares equation is given which may be used 
to find the critical values when v2 10 for a=.01, .05, .10.” 

G. E. Noether (Boston, Mass.) 


10065 : 

Bennett, B. M.; Hsu, P. On the power function of the 
exact test for the 2 x 2 contingency table. Biometrika 47 
(1960), 393-398. 

Power contours of the single-tailed Yates-Fisher exact 
test (at 5 and 1% levels of significance) for marginal row 
totals A and B=5(5)20 are exhibited in diagrams. The 
calculations are based on tables of Finney and Latscha. 
Pearson comments editorially on discrepancies between 
the authors’ results and previous ones of Patnaik and 
Sillitto. P. H. Diananda (Singapore) 


10066 : 

Bhapkar, V. P. Some tests for categorical data. Ann. 
Math. Statist. 32 (1961), 72-83 

Experimental data are supposed given as frequencies 
nz in the cells of a multiway cross-classification where the 
probability of an occurrence in cell ij is py, >+ piy= 1, and 
>« ij = No; is held fixed. An explicit expression is found for 
the minimum of the statistic 


xi = 2 (ny — noghus)*/mu, 


where the caret denotes a BAN estimate [J. Neyman, 
Proc. Berkeley Symp. Math. Statist. Prob., 1945, 1946, 
pp. 239-273, Univ. of California Press, Berkeley, Calif., 
1949; MR 10, 388], under the hypothesis 


> Sespas + he = 0 (t = 1, 2, -_ 
where the f’s and h’s are supposed known. Other forms 


of the result are given and some particular cases provided. 
H. L. Seal (New Haven, Conn.) 


*» m), 


10067 : 

Heck, D. L. Charts of some upper percentage points of 
the distribution of the characteristic root. Ann. 
Math. Statist. 31 (1960), 625-642. 

In multivariate analysis, certain important significance 
tests in samples from a normal multivariate universe. turn 
on the distribution of the largest characteristic root of 
the difference of the variance-covariance matrices of two 
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independent samples. The distribution of the non-zero 


roote ® (¢=1, 2, ---, s) has the form 
C(m, n, 8) Il ym(1 — 94)" eI (8;—0;) Il d; 
(0 < 6, S---s & < 1). 


Numerous tables of percentage points of 3, have been pub- 
lished (references are given) ; the present paper presents a 
set of charts which extends the ranges covered. The 
twelve charts enable one to read z,(s,m,n) such that 
Plt, S2z.(8, m, n)]=1l—a to two decimals for «=.01, 
025, .05, s=2(1)5, m= —1/2, 0(1)10, and 5sn< 1000. 
The construction of the charts is discussed. For n> 100, 
an auxiliary table is given from which z, (s, m, n) may 
be obtained to 0.0005. C. C. Craig (Ann Arbor, Mich.) 


10068 : 
statistical metric spaces. Proc. Amer. Math. Soc. 11 
(1960), 734-740. 

A statistical metric space is a set S and a mapping on 
SxS to the set of distribution functions ; to (p, gq) eS xS 
is associated F'y_g with Fipg= Fay, Fyq(t)=1 for all z>0 
if and only if p=q, Fye(0)=0, and Fy¢(x)=1, Fe(y)= 
1=> Fy(x+y)1. A t-function is a real-valued function 7' on 
the square 0<2, yS1 with T(a, b)= ead a), T(a, 1)=0, 
T(0,0)=0, c2a,d2b=T(c, d) = T(a, b), and T[T(a, b), c]= 
T{a, T(6, c)}. 71 is stronger than 7’: if 712 7's. A Menger 
space is a statistical metric space and a t-function 7’ such 
that (M)Fpr(x+y)2 T(F pe(x), For(y)) for all p, g, r in S 
and xz, y20. The author proves that for every ¢t-function 
there exists a Menger space for which it is the strongest 
one satisfying (M). But there are Menger spaces for which 
there is no strongest t-function. Partial positive results are 
obtained by weakening the requirements or restricting the 
class of t-functions. M. Loéve (Berkeley, Calif.) 


10069 : 

Vessereau, A. Sur les conditions d’application du 
criterium x? de Pearson. Bull. Inst. Internat. Statist. 36 
(1958), no. 3, 87-101. (English summary) 

In order to see what happens at the “‘tails” of distribu- 
tions with small theoretical values in the x? test, the 
author compares the function X?= >j=4 (n;— Np,)?/Ny 
(> m=N, > pe=1) to the yx? function (with k—1 degrees 
of freedom) by the method of central moments. Since no 
interpretation of the variations between the corresponding 
moments was found and the comparison does not account 
for discontinuity of X?, the author concludes the study is 
negative except for the particular case (all pr equal) 
where under certain conditions the y* test is of 
value. Finally a transformation is made on X* to impose 
coincidence of the first two moments (expected value and 
variance) with a y* variable (with modified number of 
digues 48: Semdeah, The author believes his results 
(consideration of some special cases) over the entire study 
justify the rather broad but easy rule : When all theoretical 
numbers are at least equal to a few unities, apply the x? 
test in its usual form; when som small, 
ranging about unity, consider the limit value for X? at 
the level of 5%, is the value found in the table i 
(k—1) degrees of freedom at the level of 2 or 3%. {Some 
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typographical errors noted: page 87, last line, should be 


théoriques; page 90, should be p;=1/k; page 96 (a), 
should be k? (not k) in the square brackets. 
P. D. Thomas (Washington, D.C.) 


10070: 

Gumbel, E. J. Multivariate distributions with given 
margins and analytical examples. Bull. Inst. Internat. 
Statist. 37 (1960), no. 3, 363-373. (French summary) 

It is shown that the problem of constructing a bivariate 
probability function from two specified functions 
does not have a unique solution, but that there is an 
infinity of bivariate functions such that two given functions 
are marginal. Thus, for instance, instead of the bivariate 
normal density function with normal marginal distribu- 
tions, elliptic curves of constant density and linear 
regression curves, a different function is developed with 
curvilinear regression, non-elliptic curves of constant 
density but identical marginal density functions. 

The resulting physically significant conclusion is the 
author’s fem that while the existence of a bivariate 
distribution implies the existence of conditional proba- 
bilities, the inverse is not necessarily true. 

A. M. Freudenthal (New York) 


10071: 

Weiss, Lionel. Two-sample tests for multivariate dis- 
tributions. Ann. Math. Statist. 31 (1960), 159-164. 

Let Xi, ---, Xm; Yi, ---, Yu be independent k- 
dimensional random variables. The X’s are identically 
distributed with density f(z) and Y’s are identically 
distributed with density g(x), where f(x) and g(x) are 
piecewise continuous and bounded. Let d be Euclidean 
distance and let 2R;=inf,,,d(X,, X;). Finally let S; the 
number of points among Y;, ; y, contained in the 
sphere d(X;, x) < R;. The author derives the joint limiting 
distribution of S;, S;, i#j, when m, n—>0o, m/n—>a. This 
result is applied to derive certain tests of the two-sample 
hypothesis f(x) = g(x) a.e. — are izations of the 
univariate run test. results in the 
one-dimensional case were obtained by Blum and Weiss 
[Ann. Math. Statist. 28 (1957), 242-246; MR 18, 956}. 

J. R. Blum (Albuquerque, N.M.) 


10072: 

Srivastava, A. B. L. The distribution of regression 
coefficients in samples from bivariate non-normal popula- 
tions. I. Theoretical investigation. Biometrika 47 (1960), 
61-68. 

For a parent bivariate (x, y) population specified by an 
Edgeworth surface, a distribution of the regression co- 
efficient, bz: = M1:/M2o, is derived which is valid for any 
size of sample (N) provided that fifth- and higher-order 
population cumulants are negligible and for any population 
if samples are sufficiently large. Explicit formulas are 
given for the mean and variance of 62;; these are com- 
pared with previous results of Quensel and Cook. Special 
results are derived for a normal parent population, for the 
case of strictly linear regression and for the case of z 
and y uncorrelated. 

The author also investigates the distribution of the 
testing statistic 


p — (Mia —MaoBalN — 2)? 


(Me0M o2 — M1:2)*/? 
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which is distributed as Student’s ¢ with N —2 degrees of 
freedom for a normal parent population. For large N the 
upper tail probability, P(t>to) exceeds the normal 
probability by 

a1ito 
2(1 — p*)(2m)*/? 


where p is the population correlation coefficient and «1; = 
p*Aso—2pAsi+Aze, the A’s being standardized semi- 
invariants. A formula is also given for a two-tailed test. 
A continuation of this paper will present numerical 
results. R. L. Anderson (Raleigh, N.C.) 


e-to”/ 2, 


10073: 

Ruben, Harold. On the geometrical signi of the 
moments of order statistics and of deviations of order 
statistics from the mean in samples from Gaussian popula- 
tions. J. Math. Mech. 9 (1960), 631-638. 

In Ankniipfung an zwei friihere Arbeiten des Verfassers 
wird eine lineare Abhingigkeit eines Moments einer 
geordneten Stichprobenfunktion £ sowie eines Moments 
der Abweichung der Stichprobenfunktion vom Stich- 
probenmittelwert von den geometrischen Momenten 
eines schiefreguliren Simplexes angegeben. Das hier in 
Rede stehende (n—2)-dimensionale sphirische schief- 
regulére Simplex S,—1,,-1(27/3) liegt auf der Oberfliche 
einer (n—1)-dimensionalen LEinheits-Hyperkugel. Von 
seinen Keilwinkeln haben n—r die GréBe 2/3, die 
tibrigen die GréBe 7/3. Betrachtet werden die normierten 
Momente s-ter Ordnung dieses Simplexes beziiglich einer 
Symmetrie-Hyperebene durch den Hyperkugel-Mittel- 
punkt. Zum anderen werden die Momente s-ter Ordnung 
Eé der r-ten geordneten Stichprobenfunktion £= in, 
einer Zufallsstichprobe von n Beobachtungen bei normier- 
ter GauBverteilung sowie die Momente s-ter Ordnung 
E(é—£) untersucht. Durch Vergleich der charakteri- 
stischen Funktionen von ¢ and ¢—£ erhilt man nach 
s-maliger Differentiation das Moment s-ter Ordnung von 
é—£ zunichst als Linearkombination der Momente nullter 
bis s-ter Ordnung von £. Beim Beweise dieses Sachverhaltes 
spielen unter anderem Hermitesche Polynome H,(z) eine 
Rolle, fiir die daher auch eine wahrscheinlichkeits- 
theoretische Deutung gegeben werden kann. Nach Ein- 
fiihrung von ebenen Polarkoordinaten erhilt man aus 
dem Ausdruck fiir die charakteristische Funktion von 
€—£ den eingangs erwihnten Zusammenhang zwischen 
den Momenten. Insbesondere ist E(¢—£) dem entspre- 
chenden geometrischen Moment proportional. Zum anderen 
ergibt sich eine Verschirfung eines vom Verf. friiher 
angegebenen Ergebnisses. Letzterem zufolge konnten die 
Momente von é als lineare Funktionen von gewissen 
schiefsymmetrischen Simplexen Sy,¢(9) verschiedener Di- 
mension mit @=are cos(—1/k) (k=1, 2, ---) dargestellt 
werden, wihrend man nun hier mit den Momenten 
verschiedener Ordnung eines einzigen (n— 2)-dimen- 
sionalen Simplexes S,—;,,-1(27/3) auskommt. Bei Ver- 
gleich dieser beiden Darstellungen fiir Zé ergibt sich eine 
lineare Abhangigkeit der betrachteten geometrischen 
Momente von S;—1,,—1(27/3) von den Inhalten der oben 
beschriebenen Simplexe S»y,_(9). Dieses kann wiederum als 
ein Spezialfall einer vom Verf. seinerzeit angegebenen 
allgemeineren Formel aufgefaBt werden, die etwa an die 
Schlaflische bzw. Poincarésche Reduktionsformel fir 
Simplexinhalte erinnert. J. Bohm (Jena) 
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10074: 

Rossberg, Hans-Joachim. Uber die Verteilungsfunk- 
tionen der Differenzen und Quotienten von Ranggrissen. 
Math. Nachr. 21 (1960), 37-79. 

Let 21, 2, ---, 2, be independent, identically distri- 
buted random variables with common distribution 
function F. Let £:5£25---S&, be the corresponding 
order statistics. In this paper, the three possible limiting 
distributions (as n—>0o) of the differences dy, = &; — £, and 
of the quotients gzn=£n/f% (k>h) are determined. More- 
over, the possible two-dimensional limiting distributions 
of pairs of differences are obtained. The method of proof 
in these theorems is to apply to the readily obtained exact 
distributions, the known results of B.-Gnedenko, R. von 
Mises, R. A. Fisher and L. H. C. Tippett, and M. Fréchet 
pertaini to the possible limiting behaviours of 
[ F(anx +b,)}", the (normalized) distribution of the maxi- 
mum, £,. [For references, refer to Gnedenko’s paper in 
Ann. of Math. (2) 44 (1943), 423-453; MR 5, 41.] The 
paper also contains several results concerning independ- 
ence of the dxa’s and/or the qza’s. 

R. Pyke (Seattle, Wash.) 


10075: 

Dugué, Daniel. Sur une démonstration simplifiée d’une 
formule utile pour la loi de Kolmogoroff-Smirnoff. Bull. 
Inst. Internat. Statist. 36 (1958), no. 3, 9-11. (English 
summary) 

The author gives a simplified proof of the equality 


1-2 5 (1) exp{—2k%2%} = 
=1 


(*) (2n)V2 @ 
<r 5 exp{—(2k—1)%n2/82%)}. 
ct ke=1 


It is well-known that the expressions on both sides of (*) 
equal limy-. Pr(n/2D, <x), where D, is the Kolmogorov- 
Smirnov statistic defined as D, =supz | F(x) — F(x)|. Here 
P(x) is the empirical distribution based on a sample of 
size n drawn at random from a continuous population 
with distribution function F(z). R. G. Laha (Calcutta) 


10076: 

Bell, C. B. On the structure of distribution-free statis- 
tics. Ann. Math. Statist. 31 (1960), 703-709. 

Continuing earlier work of Birnbaum and Rubin [same 
Ann. 25 (1954), 593-598; MR 16, 497] the author in- 
vestigates the relationships between distribution-free 
statistics, strongly distribution-free statistics, and 
“statistics of structure (d)’’. 

D. A. Darling (Ann Arbor, Mich.) 


10077 : 
White, John 8. The nonparametric ing: (1001)—> 
(0110). Ann. Math. Statist. 32 (1961), 101-103. 


This extends the partial ordering of the probabilities 
of rank orders based on a sample from a normal popula- 
tion; see Savage, same Ann. 30 (1959), 1018-1023 [MR 
22 #289). I. R. Savage (Cambridge, Mass.) 


10078: 

Farlie, D. J. G. The performance of some correlation 
coefficients for a general bivariate distribution. Bio- 
metrika 47 (1960), 307-323. 
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Bivariate distributions of the form 


A(x, y) = F(z)@(y)[1 + «A(F(z)) B(G(y))] 


are considered. For testing the hypothesis «=0, the 
asymptotic relative efficiencies of the following statistics 
are obtained: product moment correlation coefficient, 
Spearman’s and Kendall’s rank correlation coefficients, 
and the maximum likelihood estimator of «. The functions 
F, G, A and B that maximize the relative efficiencies are 
determined. W. Hoeffding (Chapel Hill, N.C.) 


10079 : 

van Elteren, Ph. On the combination of independent 
two sample tests of Wilcoxon. Bull. Inst. Internat. 
Statist. 37 (1960), no. 3, 351-361. (French summary) 

Consider >}_, (m;+,) independent random variables, 
of which m; (n;) have the common distribution function F; 
(G,). For testing the hypothesis F;=G;, i=1, ---, k, 
statistics of the form >#_, cyw; are considered, where w; is 
a Wilcoxon statistic for testing F;=G,. Under suitable 
assumptions the coefficients c; are so chosen that either 
(1) the conditions under which the test is consistent are 
independent of m,, m4, or (2) the test is locally asymptotic- 
ally most powerful. W. Hoeffding (Chapel Hill, N.C.) 


10080: 

Ishii, Goro. A note on a non tric two-sample 
test. Bull. Math. Statist. 9 (1960), no. 2/3, 57-60. 

A two-sample procedure is developed analogous to a 
one-sample procedure proposed by F. N. David (Bio- 
metrika 37 (1950), 97-110; MR 12, 38]. 

I. R. Savage (Cambridge, Mass.) 


10081: 
Toshiro. A two-sample rank test on location. 
Ann. Inst. Statist. Math. Tokyo 11 (1960), 211-219. 

Let %min, %max, Ymin Nd Ymax be the extreme values of 
two samples, {z;} and {y,}, from populations with con- 
tinuous distribution functions, which may have different 
locations, but otherwise are equal. 

Let a and } be the numbers of y-values larger than 
Tmax and smaller than zmin, respectively, and let a’ and 
b’ be the numbers of z-values larger than ymax and smaller 
than ymin, respectively. 

The author studies the statistic S=a—a’ —b+ 6’, which 
he suggests as a test of the hypothesis of equal location. 
[For a related test, cf. Tukey, Technometrics 1 (1959), 
31-48; MR 21 #5258. ] D. M. Sandelius (Amal) 


10082: 

Lukacs, Eugene. On distribution-free partition statis- 
tics for the normal . Bull. Inst. Internat. Statist. 
36 (1958), no. 3, 37-42. (French ) 

S is a “partition statistic” if it is a function only of the 
observations. 7’ has “constant regression” on S if Z(7'|S) = 
E(T) almost . 8 is “distribution-free” in the 


family of distributions N if P(S <s) depends on s but not 
on the member of NV. 

Theorem 2: The partition statistic S is distribution-free 
in the family of all univariate normal distributions if and 
only if > 2 and > 2% have constant regression on 8. 

Theorem 3: A partition statistic S(x, -- 
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distribution-free in a family of distributions depending on 
a location and scale parameter if and only if the distribu- 


tion of S(axz,+b, ---, a%_,+6) does not depend on b or a 
(#0). I. R. Savage (Cambridge, Mass.) 
10083 : 


Martin, Léopold. Analyse et ajustement des courbes de 
fréquences unimodales par la méthode des probits. Bull. 
Inst. Internat. Statist. 36 (1958), no. 3, 43-59. (English 
summary) 

Normalizing transformations are found by calculating 
the weighted regression of normal equivalent deviates 
(or of probits) on the corresponding quantile points of the 
original distribution. The regression is calculated using 
orthogonal polynomials and the procedure described by 
Wishart and Metakides [Biometrika 40 (1953), 361-369; 
MR 15, 471] for dealing with the general case with unequal 
weights and unequal intervals. Numerical examples are 
given. S. W. Nash (Ames, Iowa) 


10084: 

Stone, M. Non-equivalent comparisons of experiments 
and their use for iments involving location param- 
eters. Ann. Math. Statist. 32 (1961), 326-332. 

An observation made on a random variable X; ¢ R!, 
whose distribution depends on a parameter @ belonging to 
a set ©, is called an experiment, &;. Three methods of 
comparing experiments are discussed: Blackwell’s [same 
Ann. 24 (1953), 265-272; MR 15, 47], denoted by 
€,>€2(@) ; Lindley’s [ibid. 27 (1956), 986-1005; MR 18, 
783], denoted by &,S 2 &2(@) ; and using Fisher’s informa- 
tion 


140) = [™ plee) [log p(aul6)]" des, 


when &,F 2 &2(0) if 11(@) = I2(@) for all 6¢ ©. Theorem 1 
shows that under fairly general conditions &,S 2 &2(0) 
implies €,F 2>&2(@). The remaining results concern the 
case where Oc R! and the eter is one of location : 
&(c) is the experiment where the density of X is cf[c(x—@)}. 
Theorems 2-4 give conditions under which ¢(c;)> 
&(c2)(R1) when c; >cg. Theorem 5 shows that a sufficient 
condition for &(c;)S 2 &(c2)(@) when c; > ce is that f[-] be 
unimodal. Theorem 6 states that @&(c,)F 2&(cg)(R) 
whenever ¢; > Ce. D. V. Lindley (Aberystwyth) 


10085a : 

Abt, K. Analyse de covariance et analyse par diffé- 
rences. Metrika 3 (1960), 26-45. (German and English 
summaries) 


10085b : 
Abt, K. Analyse de covariance et analyse par diffé- 
rences. Metrika 3 (1960), 95-116. 


An expository article concerning the analysis of co- 
variance. A comparison of this technique with some method 
of testing differences is given in #10086. 

L. Schmetterer (Vienna) 


10086 : 

Abt, K. de covariance et analyse par diffé- 
rences. II. Metrika 3 (1960), 177-211. 

Suppose that the variables y are independently 
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normally distributed with common vetene and mean 


p+ pet Bly —%), i= 1, ---, m3 j=l, ---, 16 (Lh =D) 
where %=>7.1 2/11. The poobiem is rae ‘test differences 
between the treatment factors »;. It is well known that 
this can be done by an analysis of covariance and that 
under the zero hypothesis the test statistic has an 
F-distribution with m—1 and N—m-—1 degrees of 
freedom. If the expectation Bo of the sample regression 
coefficient. 54,5 (x1 — 2) ys —Ys)/Ds,7 (ty —%)* is known 
the author proposes to consider ‘the differences 24;= 
yy — Bory and to apply the technique of the analysis of 
variance to the variables z,;. The test statistic has of 
course an F-distribution with m—1 and N —m degrees of 
freedom. He carries out this in detail and compares the 
power of the two tests carefully. Numerical examples are 
given. L. Schmetterer (Vienna) 


10087 : 

Imhof, J. P. A mixed model for the complete three- 
way layout with two random-effects factors. Ann. Math. 
Statist. 31 (1960), 906-928. 

From the author’s summary : “This paper develops the 
mixed model for the complete three-way layout with two 
random-effects factors. The model involves three basic 
covariance matrices of unknown parameters in addition to 
the error variance and fixed effects. normality, 
tests of the usual statistical hypotheses, except that of no 
fixed main effects, are derived from the analysis of variance 
table. Those of no interaction between the fixed-effects 
and a random-effects factor are applicable only under a 
simplifying assumption. A reduced form of the model is 
derived which involves sets of independent identically 
distributed random vectors. These are used to obtain 
unbiased estimators of the basic covariance matrices and 
to construct a Hotelling’s 7% test of the hypothesis of no 
fixed main effects. This test involves non-optimum 
estimators of the effects, but this is shown to result in 
general only in a small loss of power.” 

S. W. Nash (Ames, Iowa) 


10088 : 

Daniel, Cuthbert. Locating outliers in factorial experi- 
ments. Technometrics 2 (1960), 149-156. 

The author considers a statistic (t;) to be used to 
detect the presence of a possible biased value in a two-way 
RxC layout; t;=dmax/si, where dmax is the maximum 
residual and s;2 is an estimate of the true error variance. 
Significance points for this statistic are based on previous 
results by Scheffé : t;,.=rc4/(Fo/ RC), where r= R—1 and 
c=C—1 and Fo is the (1—a) critical value of F with rc 
and rc—1 degrees of freedom. Values of ¢;,, are given for 
R, C=3, 4, 5, 7 and 9 and a=0.2. The author advised 
using the following definition of 8;?: 


8;? = (SSD —(RC/re)d5,,,)/(re — 1), 
where SSD =original residual sum of squares. There. is 
some question concerning the validity of this definition. 
Extensions are made to the case of one biased value in 


a 2* unreplicated experiment. 
R. L. Anderson (Raleigh, N.C.) 


10089 : 

Plackett, R. L. Models in the of variance. 
J. Roy. Statist. Soc. Ser. B 22 (1960), 195-217. 

Author’s summary: “A survey is given of recent 
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developments in the analysis of variance of factorial 
experiments, with particular reference to randomization 
models. The effect of the assumptions on expected mean 
squares is outlined, and the problems which arise when 
estimating components of variation or applying tests of 
significance are discussed.” 

Discussion by D. R. Cox, M. R. Sampford, J. O. Irwin, 
J. A. Nelder, G. A. Barnard, C. A. B. Smith, H. E 
Daniels and N. L. Johnson. 

W. Hoeffding (Chapel Hill, N.C.) 


10090 : 

Pavate, M. V. Combined analysis of balanced incom- 
plete block designs with some common treatments. 
Biometrics 17 (1961), 111-119. 

Suppose g balanced incomplete block designs [O. Kemp- 
thorne, The design and analysis of experiments, Wiley, 
New York, 1952; MR 13, 572] 1 with the same parameters 
v, b, r, k and A each have c treatments in common. Then 
the matrix involved in the least-squares estimation of the 
treatment parameters in a combined analysis is easily 
inverted, and a simple algorithm can be provided for 
numerical work. H. L. Seal (New Haven, Conn.) 


10091: 

Schneeberger, Hans. Linearititsteste der k-dimensio- 
nalen Regressionsgleichung und Anwendungen. Monatsh. 
Math. 64 (1960), 361-373. 

The regression is for y on x1, %2, ---, xg. The author 
considers n > k + 1 points as arranged into m groups, which 
are classified according to k+1 group types, 7. He then 
treats k-dimensional linearity tests (a) for the case in 
which the groups have equal (but unknown) variances of 
normally distributed residuals, and (b) for the case with 
groups having unequal variances. In each case he features 
a theorem in which 492/s;2 (with 8s? and 8,2 defined 
appropriately to the case treated) is distributed as F with 
p—k—1 and n—p degrees of freedom where p= >?1{ rm, 
and m, is the number of groups of type 7’. Section III is 
devoted to a test of the identity of the m regressions. A 
theorem is featured in which 822/s;? (with 822 and 8? again 
appropriately defined) is distributed as F with (m—1) 
x (k+1) and n—m(k + 1) degrees of freedom. 

P. 8. Dwyer (Ann Arbor, Mich.) 


10092: 
Schneeberger, H. Linearititsteste der eindimensionalen 
und An . LH Math.- 
Tech.-Wirte chaft 7 (1960), 118-122, 175-179. 
The test proposed is the usual one-way analysis of 
covariance test for the identity of the within group 
regressions, assumed linear, for the case of unequal group 
sizes, and here modified include the case in which all 
values of the independent variable within some of the 
classes are identical. The title of the paper thus does not 
quite fit its contents. The manner of division of the pairs 
of observed values into classes is not specified. The 
modication in which the variances about the within class 
regressions are not equal from class to class but have 
known ratios is also developed explicitly. 
C. C. Craig (Ann Arbor, Mich.) 


10093 : 
John, Peter W. M. An application of a balanced in- 
complete block design. Technometrics 3 (1961), 51-54. 
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The paper presents a worked example of a balanced 
incomplete block design having nine treatments of which 
one is a control, four are equally spaced levels of one 
quantitative factor, and four equally spaced levels of 
another quantitative factor. By use of orthogonal poly- 
nomials the -of-freedom treatment sum of squares 
(from the standard analysis) is broken into eight single- 
degree-of-freedom components reflecting linear, quadratic 
and cubic regression for each quantitative factor, a 
contrast between the two quantitative factors, and a 
contrast between control and all other treatments. The 
general principle illustrated is that if a certain orthogonal 
decomposition of the treatment sum of squares is applic- 
able to a balanced complete block design, it is also 
applicable to a balanced incomplete block design. 

L. EH. Moses (Stanford, Calif.) 


10094: 
Rebson, D. 8. Multiple comparisons with a control in 


balanced incomplete block designs. Technometrics 3 
(1961), 103-105. 


10095 : 

Mikhail, Wadie F. An i for balanced incom- 
plete block designs. Ann. Math. Statist. 31 (1960), 520- 
522; addendum, 1213. 

As the author acknowledges in his later note, this 
generalization of a result of R. C. Bose [Sankhya 6 (1942), 
105-110; MR 4, 237] is the first of two theorems proved 
by P. M. Roy [Calcutta Statist. Assoc. Bull. 4 (1952), 
130-132; MR 14, 610}. 4H. L. Seal (New Haven, Conn.) 


10096 : 

Vartak, Manohar Narhar. Relations among the blocks 
of the Kronecker product of designs. Ann. Math. Statist. 
31 (1960), 772-778. 

In the present paper the author gives some results on 
the properties of design obtained by the inversion of the 
Kronecker product of two given designs, which he had 
defined in an earlier paper [same Ann. 26 (1955), 420-438 ; 
MR 17, 227]. He also derives an expression for the 
number of blocks in the Kronecker product having a 
certain number of treatments in common in terms of 
those in the original designs. Finally he applies these 
results for the special case of a PBIB design which is the 
Kronecker product of two affine resolvable BIB designs. 

R. G@. Laha (Calcutta) 


10097 : 

Nair, K. R.; Kishen, K. Recent developments in 
experimental design with special reference to the work in 
India. Bull. Inst. Internat. Statist. 37 (1960), no. 3, 
161-177. (French summary) 

This is an article in which the authors 
present a brief review of the recent developments in 
experimental designs with special reference to the work 
of Indian statisticians. An extensive literature on this 
subject is also given. R. G. Laha (Calcutta) 


10098 : 
Rao, C. Radhakrishna. Experimental designs with 
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restricted randomisation. Bull. Inst. Internat. Statist. 
37 (1960), no. 3, 397-404. (French summary) 

In the present paper the author considers some experi- 
mental designs involving two groups of varieties and 
providing precisions of different orders for within and 
between group comparisons. In the first case, when there 
are two sets each containing v varieties, each whole block 
of 2v plots is divided into sub-blocks of equal size v. Then 
the two sets of varieties are allocated at random to these 
sub-blocks and finally within each sub-block, the varieties 
belonging to a set are completely randomised. In the 
second case, he considers an incomplete block design 
where the two sets contain respectively v; and v2 varieties, 
each whole block of size 2k divided into sub-blocks of k 
plots. Then & varieties from each of the two sets are 
assigned at random to each sub-block such that the 
varieties of the first set are arranged as a BIBD with 
parameters (v:, 6, r1, k, A11), while those of the second set 
form a BIBD with parameters (v2, b, re, k, A22) and at 
the same time any variety belonging to the first set occurs 
together with any one of the second in Ai2 whole blocks. 
The appropriate analysis of variance in each case is given. 

R. G. Laha (Calcutta) 


10099: 

Shah, B. V. Balanced factorial experiments. Ann. 
Math. Statist. 31 (1960), 502-514. 

Continuing his researches into ‘complete balance’’ over 
an interaction, which occurs when the variances of all 
normalized contrasts belonging to an interaction are 
equal [same Ann. 29 (1958), 766-779; MR 21 #7583], the 
author generalizes theorems of M. Zelen [ibid., 22-40; 
MR 20 #400] to the estimation and testing of the various 
interactions of a completely balanced factorial experi- 
ment. A method of constructing such experiments is 
given. H. L. Seal (New Haven, Conn.) 


10100: 

Draper, Norman R. Third order rotatable designs in 
three dimensions. Ann. Math. Statist. 31 (1960), 865- 
874. 

The following theorem is proved: A_ third-order 
rotatable design in k dimensions is singular if and only if 
all of its points, excluding center points, lie on a k- 
dimensional sphere centered at the origin. In addition, 
several infinite classes of third-order rotatable designs in 
three dimensions are constructed by combining two dis- 
tinct second-order rotatable designs. These should be 
useful when experimentation is carried out in two 

M. Zelen (Washington, D C.) 


10101: 
Bradley, R. A.; Walpole, R. E.; Kramer, C. Y. Intra- 
and inter-block analysis for factorials in incomplete block 


designs. Biometrics 16 (1960), 566-581. 

Formulas are presented for analyzing factorial designs 
when the factorial treatment combinations have been 
arranged into a partially balanced incomplete block 
design belonging to either the group divisible, LS2, or 
Ss classifications. The authors discuss both the intra- 
block and the combined inter-intra block analysis mainly 
for the two-factor situation. The work on the group 
divisible classification duplicates the work of the reviewer 
[ef. Ann. Math. Statist. 29 (1958), 22-40; MR 20 #400}. 

M. Zelen (Washington, D.C.) 
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10102: 

Pearce, 8. C. Supplemented balance. Biometrika 47 
(1960), 263-271. 

In comparative experiments there may be a treatment, 
usually the control, which is logically in a different 
position from the rest. A design is in supplemented 
balance if all treatments are replicated r times except the 
supplementing one, which has ro replicates, and if all 
pairs of treatments concur A times in blocks, unless one 
of the pair is the supplementing treatment, in which case 
there are Ao concurrences. It is assumed that all blocks 
contain k plots. The treatments will be numbered 0 to », 
treatment 0 being the supplementing one ; the number of 
blocks will be written b. 

In the present paper, various types of designs with 
supplemented balance are described, and some uses 
indicated. A method of analysis is given, both for designs 
with two-way classifications and for those with more. 

R. G. Stanton (Waterloo, Ont.) 


10103: 
Draper, Norman R. A third order rotatable design in 
four dimensions. Ann. Math. Statist. 31 (1960), 875-877. 
The author presents a third-order rotatable design in 
four dimensions. The design consists of 96 points and is 
made up of four second-order rotatable arrangements. 
M. Zelen (Washington, D.C.) 


10104: 

Box, G. E. P.; Behnken, D. W. Some new three level 
designs for the study of quantitative variables. Techno- 
metrics 2 (1960), 455-475. 

Three-level experiment designs are presented for 
estimating all the coefficients in a second-degree gradu- 
ating polynomial. Designs are given for 3 (1) 12, 16 factors 
and are rotatable or approximately rotatable. These 
designs have been constructed with the objective of using 
the smallest number of points to estimate all coefficients 
in the second-degree polynomial model. 

M. Zelen (Washington, D.C.) 


10105: 

Youden, W. J. National physical standards and design 
of experiment. Bull. Inst. Internat. Statist. 35 (1957), 
no. 2, 191-198. (French summary) 

In comparison of physical standards, the usual assump- 
tions for mathematical models are normally satisfied. 
There is a common experimental variance, the data are 
recorded to many places, enough measurements are taken 
(by selected operators) to permit good estimates of the 
error variance. National standards are usually compared 
in pairs; a pair is a special case of a partially balanced 
incomplete block design, and the paper describes how 
partially balanced incomplete block designs have been 
used by the National Bureau of Standards for comparing 
secondary standards. Hope is expressed that the use of 
these designs for comparing national standards should 
help in obtaining mutually consistent conversion ratios. 

R. G. Stanton (Waterloo, Ont.) 


10106: 

Chernoff, Herman. Motivation for an approach to the 
sequential design of iments. Information and deci- 
sion processes, pp. 15-26. McGraw-Hill, New York, 
1960. 
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This is an expository version of the author’s paper in 
Ann. Math. Statist. 30 (1959), 755-770 [MR 21 #7586]. 
M. Skibinsky (W. Lafayette, Ind.) 


10107: 

Bechhofer, Robert. A note on the limiting relative 
efficiency of the Wald sequential probability ratio test. 
J. Amer. Statist. Assoc. 55 (1960), 660-663. 

Author’s summary : ““The efficiency (measured in terms 
of ratio of average sample size to fixed sample size) of the 
Wald sequential probability ratio test relative to the best 
competing fixed sample procedure for testing Ho :6=%% 
versus H; :0=6; (89 <61) when X is distributed N(X|@, o*) 
with known o? is studied for fixed (0, #0, 01) as the specified 
probabilities of error, a (the probability of rejecting H, 
when @= 69) and B (the probability of accepting H» when 
6=6;), approach zero. The limit is shown to depend on 
the relative rates at which « and £ approach zero in a 
prescribed manner. In particular, when aa=B (a> 0) this 
limiting relative efficiency is equal to (0;—6o)/ 
(4|0; + 09— 26|). The practical implications of this result 
are discussed.” H. Chernoff (Stanford, Calif.) 


10108: 

Goldsmith, P. L.; Whitfield, H. Average run lengths in 
cumulative chart quality control schemes. Technometrics 
3 (1961), 11-20. 

Average run lengths are evaluated for V-mask quality 
control schemes for the mean based on cumulative 
deviation when the observations are either independent 
or serially correlated of the first order. Let d be the 
distance from the last observed point on the cumulative 
deviation chart to the vertex of the V-mask, and 26 the 
vertex angle of the V-mask. Let Lo be the average run 
length, when the process is in control, and ZL; the average 
run length when the process is out of control. For various 
values of d and 6, the average run lengths Lo and L; are 
evaluated by means of a Monte Carlo simulation on a 
digital computer. The savings in sampling as compared 
with a Shewhart control chart is impressive if the mean is 
out of control by ko, o the standard deviation of the 
means, for0<k<3. L.A. Aroian (Los Angeles, Calif.) 


10109: 

Page, E. 8. Cumulative sum charts. Technometrics 
3 (1961), 1-9. 

The author, the originator of cumulative sum charts for 
process control, traces the development of process 
inspection schemes from the original methods of Shewhart 
to the new charts using cumulative sums. He surveys the 
present status of cumulative sum chart theory, evaluates 
the potential of these methods, cites the relevant papers in 
the field, and suggests further problems. For moderate 
deviations from the process mean, cumulative sum charts 
are more sensitive than the usual Shewhart control charts. 
The paper provides the best introduction to a new field 
with many interesting applications. 

L. A. Aroian (Los Angeles, Calif.) 


10110: 

Kahn, Louis B. A statistical model for evaluating the 
reliability of safety systems for plants man 
hazardous products. Technometrics 1 (1959), 293-307. 














hen 


90)/ 


s in 
rics 


lity 
hive 
ent 
hive 
the 
ous 
na 


nis 


lif.) 


rics 


for 


FEE 


a 














From the author’s summary: “This paper outlines a 

technique for determining the probability of failure of a 

plant manufacturing a hazardous product. For the failure 

of the plant to occur, the failure of the safety system 

must precede the failure of the plant’s critical operating 
m ; this would precipitate a hazardous situation. 

“The probability of destructive plant failure is caleu- 
lated on this conditional basis, with probability functions 
derived accordingly. The derived probability functions— 
which take into consideration the reliability of the indi- 
vidual components comprising the safety and operating 
systems, along with selected turnaround cycles—are used 
to illustrate differently designed systems, showing the 
probable risk of plant haseotine. where the components 
are given first in series and then in parallel. 

“Under the assumption that the exponential theory of 
failure applies (for illustrative purposes), probabilities are 
calculated, showing the effect of changing component 
reliability and turnaround cycles under given conditions 
of plant design.” L. A. Aroian (Los Angeles, Calif.) 


10111: 

Olmstead, Paul S. Quality control and operations 
research. Bull. Inst. Internat. Statist. 35 (1957), no. 2, 
355-364. (French summary) 

The author compares the nature of operations research 
and quality control. For a given situation, operations 
research is the use of logical procedure based on a scientific 
methodology for determining the most appropriate action. 
For a given changing situation, with a quality measure 
that is usually not in statistical control, statistical quality 
control is the use of an “Operation of statistical control” 
based on pertinent scientific methodology to reach a state 
of statistical control. In both disciplines, as well as in 
scientific method, the factors of a standard, a sample, a 
comparison, a judgment, and a prediction are basic. 
These elements are explained and illustrated in inspection, 
quality control, operations research, and scientific method. 

L. A. Aroian (Los Angeles, Calif.) 


10112: 

Zaludové, A. H. Statistical quality control of produc- 
tion processes using individual sample values. Bull. Inst. 
Internat. Statist. 36 (1958), no. 3, 573-578. (French 
summary) 

The author is interested in process control given upper 
and lower specification limits 7’, and 7’, respectively. 
Individual values of items are plotted on a single control 
chart with limits: X;,4!>Xe,.!, two upper control lines, 
and Xe,}>X;,z!, two lower control lines, with 7',> 
Xi,u!, T71<X:1,,). The production process is considered 
satisfactory if of n sampled values, none lies outside the 
limits X,;1 and X;,.!, at most one value lies in each of 
the control bands (X;,z1, Xe,11) and (Xe,u!, X1,u!) and 
the rest lie within the inner limits (X¢2,z1, X2,u1). It is 
assumed that the process is distributed normally with 
mean » and variance o%. A table is given which aids ry 
the determination of the four limits X;,71, Xe,z1, X1,«), 
Xs,u!. The author claims that this chart offers a more 
sensitive criterion over the max-min chart for detecting 
changes in » and o, although no operating characteristic 
curve is given. The usual technique is to use a modified 
control chart. L. A. Aroian (Los Angeles, Calif.) 
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10113: 

Federwisch, Jacques, L’échantillonnage des minéraux: 
tentatives de synthése. Les mathématiques de |’ingénieur, 
pp. 252-265. Mém. Publ. Soc. Sci. Arts Lett. Hainaut, 
vol. hors série, 1958. 

The author investigates the following two estimation 
problems complementing one another. When there is 
given the precision wanted for establishing the contents 
of a load of mineral, the volume of the sample has to be 
determined. Reciprocally, when the volume of the sample 
is given, the precision of the analysis of the composition 
of the sample must be determined. The static case is 
differentiated from the mobile one, where the statistical 
work is carried with the sample while being treated. The 
difference between a granulometrical analysis and the 
simple one, concerning its contents, also must be taken 
into account. The estimation function considered by the 
author is the dispersion variance of the quantity, for 
which there exist a theoretical expression largely holding 
true, but hardly being applicable. The author substitutes 
it by a relative variance, the expression of which practi- 
cally being satisfactory : 


o2 /1 1 
ee aw Sea —_ 3 
o,? = ai (; 1) pet 5 


With this expression one may, under the best conditions, 
examine both main problems concerning the sample of a 
given load of mineral. O. Onicescu (Bucharest) 


10114: 

Epstein, Benjamin. Estimates of bounded relative for 
the mean life of an exponential distribution. Techno- 
metrics $ (1961), 107-109. 

Estimates of bounded relative error are obtained for 
the scale parameter of an exponential distribution where 
observations are continued until a certain number of 
defectives is observed. The results are similar to those of 
Girshick, Rubin, and Sitgreaves [Ann. Math. Statist. 26 
(1955), 276-285 ; MR 16, 1039). {In the reviewer’s opinion, 
the author makes too many crude approximations for the 
sake of precision, but for practical p , his results 
should be adequate.} H. Rubin (E. Lansing, Mich.) 


10115: 

Drenick, R. F. The failure law of complex equipment. 
J. Soc. Indust. Appl. Math. 8 (1960), 680-690. 

The author considers the law of failure of a complex 
equipment composed of many individual, independently 
operating components, the failure of any of which leads 
to equipment failure. Assuming a renewal process and a 
state of statistical equilibrium, it is shown that the time 
between failures tends toward an exponential distribution 
as the number of components grows larger. Conditions 
are derived for the exponential distribution to characterize 
the time to first failure. The paper concludes with com- 
ments on the application of the theory and the weakening 
of some of the conditions. 

J. Moshman (Arlington, Va.) 


10116: 

Birnbaum, Z. W. Life length and failure of materials 
interpreted as stochastic Bull. Inst. Internat. 
Statist. 37 (1960), no. 3, 213-217. (French summary) 
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Expository article. For more details see Z. W. Birn- 
baum and 8. C. Saunders, J. Amer. Statist. Assoc. 53 
(1958), 151-160 [MR 22 #4106). 

Benjamin Epstein (Palo Alto, Calif.) 


10117: 

Miller, G., dr. Early failures in life testing. 
J. Amer. Statist. Assoc. 55 (1960), 491-502. 

Author’s summary : “Data from certain life test experi- 
ments exhibit such an unusually high concentration of 
failures near time 0 that the assumption of an over-all 
exponential density is unwarranted. One hypothesis for 
this phenomenon is that due to faulty construction or 
defective parts, certain test items fail prematurely ; these 
items are termed “early failures’. To handle this type of 
data, an early failure model is postulated in which one 
failure rate is assumed to be in effect for an initial time 
interval [0, 7'9) and another lower failure rate is operative 
thereafter. Estimators for the two failure rates are given 
in the case where 7'o is known and in the case where 7'o 
is not known exactly but can be assumed to be within a 
specified interval. Methods for obtaining approximate 
large sample confidence regions are outlined and pro- 
cedures for handling small samples are described.” 

H. Rubin (E. Lansing, Mich.) 


10118: 

Zia-ud-Din, M. On the development of symmetric 
functional statistics. Bull. Inst. Internat. Statist. 35 
(1957), no. 2, 33-43. (French summary) 

At the time it was written (note the publication date) 
this was an up-to-date historical review of the develop- 
ment of symmetric functions that has been occasioned by 
use in statistical sampling theory. The present paper also 
contains the Carver polynomials of degree 13, 14, 15 and 
the Fisher & statistics, kg and ko, in terms of central 
moments. There is also a long list of corrigenda for the 
author’s paper in same Bull. 24 (1954), no. 2, 207-226 
[MR 16, 1132]. C. C. Craig (Ann Arbor, Mich.) 


10119: 

Dalenius, Tore. Multiparametric stratified 
Estadistica 17 (1959), 763-777. (Spanish. English’ sum- 
mary) 

Translation of paper (Skand. Aktuarietidskr. 36 (1953), 
92-102] reviewed in MR 15, 451. 


10120: 

Salvemini, Tommaso. Distribution de [l’étendue 
d’échantillons obtenus par des tirages en bloc d’un ensemble 
de nombres équidistribués. Bull. Inst. Internat. Statist. 
36 (1958), no. 3, 71-78. (English summary) 

The author gives the sampling distribution (size NV) of 
the range w when sampling is done from the population 
of consecutive integer numbers a+1,a+2,---,a+k, 
each of which is repeated a constant number of times H. 
Ifh2N, 


Pe = {i/(x) 9 SS (NM Y(rn) 


ifh<N, 


Pe = {1/()}ex-m $5" (6)(2)((07,%), 
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If Hoo, the distribution is approximately given by 


(N(N —1)/K*)(K —w)w*-*. C. Hayashi (Tokyo) 
10121: 

Kitagawa, Tosio. Successive of statistical 
inferences and its i to the of sam 


surveys. Bull. Inst. Internat. Statist. 35 (1957), no. 2, 
151-161. 

The optimum allocation in the stratified random 
sampling is based on the information of population 
variances of strata. The author divides the sample into 
two groups, sizes of which are respectively an and 
(1—a)n, where n is sample size and a is a fraction. The 
former is drawn to estimate the variances, according to 
which optimum allocation of size (1—a)n is done. 

Considering the variance of sample mean taking into 
account of distribution of estimated variances, which is a 
function of population variances, estimated variances, 
n and a, and under some assumptions, the author gives a 
explicitly, in some cases, as a reasonable value by the 
idea of min-max game between Q (set of all points of 
population variances of strata) and a. But this idea 
seems to be useless as a theory of sample survey, however 
it may be formally mathematical. The author gives some 
theoretical results concerning the estimation by inter- 
penetrating samples in infinite normal population. 

C. Hayashi (Tokyo) 


10122: 

Thionet, Pierre. Erreurs d’échantillonnage, fonctions 
de risque et information perdue. Bull. Inst. Internat. 
Statist. 36 (1958), no. 3, 153-164. (English summary) 

Author’s summary: “The present paper is a survey of 
our own researches, aimed at throwing a bridge between 
the theory of sampling and the theory of information. 
The choice of sampling variance as a measure of sampling 
errors remained somewhat arbitrary ; here it is recognized 
that variance of an unbiased estimator can be called lost 
information (given the sampling structure, for sampling 
design of adequate decreasing sizes). The attempt is made 
to explain in a synthetic way results found in looking for 
the most current sampling designs; several geometrical 
representations of sampling are used, in ical, 
vectorial and metric spaces, together with the classical 
information-tree. Quadratic forms ize variance. 
The words ‘supplementary lost information’ are criticized. 
In a second part some problems partly resolved and partly 
unresolved are briefly indicated. Fisher’s information 
appears as lost information for one dimension; but his 
matrix becomes a quadratic form. Only a few of Wald’s 
risk functions are lost information, but variance has no 
monopoly. With biased estimators, lost information was 
discovered in some important cases but not in a general 
way. On the other hand it seems possible to define lost 
information independently of estimation of some specified 


parameter (given a Tae design).” 
8. Kullback (Washington, D.C.) 


10123: 
Dixon, W. J. estimation from censored 
normal Ann. Math. Statist. 31 (1960), 385-391. 


Author’s summary : “Estimators of mean and standard 
deviation for censored normal samples which are based on 
linear systematic statistics and which use simple co- 
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efficients are almost as efficient as estimators using the 
best possible coefficients. Estimators are given for samples 
of size N < 20 for censoring at one extreme and for several 
types of censoring at both extremes.” 

D. Teichroew (Stanford, Calif.) 


10124: 
Des Raj. On the relative of some i 
i J. Amer. Statist. Assoc. 58 (1958), 98-101. 

The author discusses the problem of estimation of the 
mean value of a character for a finite population, making 
use of information on an auxiliary character. 

Estimates obtained by sampling with probability pro- 
portional to size, the size being assumed to be given by 
the values of the auxiliary character, are compared with 
simple average, ratio, regression and stratified sampling 
estimates in turn. Results are obtained by assuming that 
the finite population is a random sample from an infinite 
population possessing certain properties. Unfortunately 
there is neither a mention of these properties, nor a specific 
reference to them in easily accessible literature, thus 
introducing quite a lack of mathematical rigor. 

Om P. Aggarwal (Lima) 


10125: 

Darroch, J. N. The multiple-recapture census. I. 
Estimation of a closed population. Biometrika 45 (1958), 
343-359. 

The author considers the estimation of the size n, of a 
closed population by multiple capture-recapture methods 
applied to the results of a series of s independent samples 
of sizes a3, ---, @. Two cases are distinguished according 
as the a; are random variables or not. When they are fixed 
the maximum-likelihood solution is discussed. The usual 
large-sample maximum-likelihood theory does not apply 
and the bias and variance of the estimate are obtained 
from first principles. The special case where all a;=1, is 
considered and also inverse sampling and Goodman’s 
sequential census. 

When the sample sizes are variable it is necessary also 
to estimate the catchabilities, p;, at each sample. The 
maximum-likelihood solution is given, and it is shown that 
this gives joint sufficient estimators of n and the »;. The 
results using special assumptions about the p; are con- 
sidered and also the case where p;—>0, s—>oo, so that there 
is a continuous process of catching. The solutions of the 
estimating equations are shown to be asymptotically 
minimum-variance estimators. 

P. A. P. Moran (Canberra) 


10126 : 

Darroch, J. N. The multiple-recapture census. II. 
Estimation when there is immigration or death. Bio- 
metrika 46 (1959), 336-351. 

The author extends the theory of his previous paper 
[#10125] to cases where there is immigration, or death, or 
both. Exact models, involving varying catchabilities in 
each of a finite number of samples, are given and methods 
of estimation considered in detail. For immigration alone, 
or death alone, the methods are shown to be asymptoti- 
cally efficient. Previous work is criticised. 

P. A. P. Moran (Canberra) 


10127: 
Lieberman, G. J.; Bowker, A. H. Recent developments 
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in continuous Bull. Inst. Internat. Statist. 36 
(1958), no. 3, 553-562. (French ) 

One can supplement this review with Bowker’s [Proc. 
3rd Berkeley Symposium on Mathematical Statistics and 
Probability, 1954-1955, Vol. V, 75-85; Univ. Calif. Press, 
Berkeley, Calif., 1956; MR 19, 589] and the research paper 
of Anscombe [J. Amer. Statist. Assoc. 53 (1958), 702- 
719}. I. R. Savage (Cambridge, Mass.) 


10128: 

Koller, Siegfried. The use of prior statistical informa- 
tion in of estimation. Bull. Inst. Internat. 
Statist. 37 (1960), no. 2, 231-240. (French summary) 

This is a brief, practical, non-mathematical attempt to 
provide theoretical framework for a family of practical 
problems: When should extrapolated data from prior 
large censuses, subject to unknown biases, be preferred to 
statistics from good but small samples, with large errors? 
Economic surveys in West Germany illustrate the prob- 
lems. {The reviewer suspects that the neo-Bayesian 
approach holds promise of more direct access to these 
problems.} L. Kish (Ann Arbor, Mich.) 


10129: 

Hanen, Albert. Quelques de tests d’hypo- 
thése et d’estimation en théorie des communications. 
C. R. Acad. Sci. Paris 250 (1960), 3940-3942. 

Three problems are considered. In each, U(t, w) is a 
Gaussian noise with mean zero and continuous covariance 
function. Problem (1): One observes 2(f), 0<#< 7, and 
wishes to test the hypothesis Ho that z(t) is a realization 
of U(t, w) against the hypothesis that z(t) is a realization 
of U(t, w)+ p(t). Problem (2): If H, is the hypothesis that 
z(t) is a realization of U(t, w)+ (r,t), when does there 
exist a uniformly most powerful test of Ho against H,? 
Problem (3): Estimate + supposing that 2(¢) is a realiza- 
tion of U(t, w)+p(t—7r), where U(t, w) is stationary. A 
number of results, most of which concern (3), are 
announced, most without proof. For (3) the author con- 
cerns himself with estimates of + of the form 


(*) > t£,(x) +21(x) 


where {£,} and z; are normal random variables determined 
by a knowledge of z(¢), OstsT. He finds, under certain 
assumptions, that there is a unique unbiased minimum- 
variance estimate of type (*) and describes this estimate 
in detail. E. Reich (Aarhus) 


10130a : 

Hanen, Albert. Etude géométrique du maximum de 
vraisemblance pour des processus stochastiques 
C. R. Acad. Sci. Paris 250 (1960), 4100-4101. 


10130b : 

Hanen, Albert. Propriétés du maximum de vraisem- 
blance pour des processus laplaciens. C. R. Acad. Sci. 
Paris 250 (1960), 4268-4270. 


Suppose DC R*, M is an unknown point of D, X(w) is 
a random normal vector in R*, and Viy(w)=X(w)+ M. 
If X(w) has mean zero and an invertible covariance 
matrix [', then a maximum-likelihood estimate of M 
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based on an observation U of Vy(w) is the projection of 
U onto D in the sense of the scalar product (uw, v)= 
<u, To) = diet u (Tv), If D is convex-closed in R*, 
this projection is unique. By means of Hilbert-space con- 
siderations the author generalizes the above state of 
affairs to the case of stochastic processes. That is (partially 
changing notation), it is assumed that the observed process 
is V,(t, w)=U(t, w)+p(t), O<tsT7, where U(t,w) is a 
Gaussian process whose covariance function is continuous, 
and, as an operator, possesses no zero eigenvalues, and 
p is an unknown function in a set CC L*{0, T]. He shows 
that under certain assumptions on the set C the maximum- 
likelihood estimate of p(t) exists and is unique, and he 
studies some properties of this estimate. 

E. Reich (Aarhus) 


10131: 

Bhat, B. R. Some properties of regular Markov chains. 
Ann. Math. Statist. 32 (1961), 59-71. 

The author considers a time-homogeneous aperiodic 
Markov chain with a finite number of possible states; 
one of these (state zero) is to be an absorbing state and the 
others are all to be transient. He considers a trajectory 
starting in the state Z, (a#0) and entering the absorbing 
state Ho with the nth transition. The mean, variance, and 
probability-generating function are found for the first- 
passage time n. The author then finds the joint probability- 
generating function for the numbers ny of transitions 
E+E; occurring in the trip from HZ, to Zo. From this he 
derives a number of moment formulae, and concludes 
with some applications to estimation and hypothesis 
testing for Markov chains. D. G. Kendall (Oxford) 


10132: 

Koopmans, Lambert H. Asymptotic rate of discrimina- 
tion for Markov processes. Ann. Math. Statist. 31 
(1960), 982-994. 

Author’s summary: “Simple hypotheses Hp and Hg, 
specifying two distinct positive transition densities 
p(z|y) and g(x|y) and initial densities p(x) and g(x) with 
respect to a finite Lebesgue-Stieltjes measure, are assumed 
for a discrete time parameter Markov process. Let R, be 
the likelihood ratio statistic based on the first n+1 
observations of the process, given by 
Ra(Xo, Xi, lata Xn) = 
log q(Xo)q(X1|Xo) -- » U(Xn|Xn-1) 
P(Xo)p(X1|Xo) --- p(Xn|Xn-r) 


Consider the class of sequences of likelihood ratio tests 
T (a, «)={[R,>n*a]:n=0, 1, 2, ---} generated by letting 
a and a vary over the real numbers. Under certain 
regularity assumptions on K;(z, y)=p!—*(z|y)q*(z|y) and 
the initial densities p and q, the subclass of consistent 
sequences is determined, and the limiting rates at which 
the error probabilities tend to zero for tests in this sub- 
class are found. A definition of the best asymptotic rate 
for distinguishing between Hp and Hg is made for the 
class of consistent tests. This ‘asymptotic rate of dis- 
crimination’ is evaluated and is shown to be attained by a 
certain subclass of these tests. Some applications and 
extensions of the theory to infinite Le ieltjes 
measures are given.” E. Parzen (Stanford, Calif.) 
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10133: 

Mihoc, G.; Firescu, D. Fonctions d’estimation pour les 
paramétres d’une répartition de Marcoff 4 densités de 
probabilité. An. Univ. “C. I. Parhon” Bucuresti. Ser. 
Sti. Nat. No. 22 (1959), 9-16. (Romanian. Russian and 
French summaries) 

Let us consider a real Markov process whose transition 
densities depend upon a finite set of unknown parameters 
belonging to an open interval of the corresponding param- 
eter space. Given a sample of volume n, a set of absolute 
correct estimation functions for the unknown parameters 
are considered. Under certain regularity conditions con- 
cerning the transition densities, necessary and sufficient 
conditions are given for the efficiency of the considered 
functions. R. Theodorescu (Bucharest) 


10134: 

Firescu, D. Fonctions d’estimation pour les proba- 
bilités fondamentales d’une chaine de Markoff multiple, 
homogéne, d’ordre fini. Bull. Math. Soc. Sci. Math. Phys. 
R. P. Roumaine (N.S.) 2 (50) (1958), 401-410. 

The paper treats the extension of results, due to the 
author himself, relative to estimation functions of a 
simple Markov-chain, to a multiple Markov-chain. Giving 
firstly a model by a system of successive extractions out 
of m* urns containing m-coloured balls (m being the 
number of states and s the multiplicity of the chain) the 
author demonstrates, by its means, that the reduced 
conjugate limit-law of the absolute frequencies n,,, 7, 
© ° efi, (where a Edkx, a2 eJdkx, eee, Or Ed: for Jt= 
AxAx --- xA, A={a, @2, ---, @m}) is the normal one. 
In the demonstration he uses a functional equation of the 
characteristic function, following in this the methods of 
Onicescu and Mihoc. It is proved that the reduced con- 
jugate limit-law of the estimations n,,/ng,, %.,/N~,, --°; 
Na,|Ng,, « ETn, By EJe, hZ8+1, kSs+1, is normal too. 
The estimations of the inverse processes are also studied 
using previous works of Gh. Mihoc on these inverse opera- 
tions. O. Onicescu (Bucharest) 


10135: 

Kiveliovitch, Michel. Les séries chronologiques et la 
théorie du hasard. Les mathématiques de I’ jeur, 
pp. 96-112. Mém. Publ. Soc. Sci. Arts Lett. Hainaut, 
vol. hors série, 1958. 

Suggesting that they be used in tests of pure random- 
ness in time series ing in diverse applications, the 
author gives formulas for probabilities of occurrences of 
relative maxima or minima, increasing or decreasing runs 
of lengths one, two, and at least three, crossing of a given 
ordinate, etc., in sequences of independent identically 
distributed random variables with discrete and with 
continuous distributions. The proofs and derivations 
appear earlier elsewhere in the author’s monograph with 
J. Vialar, Les séries ch \ et la théorie du hazard 
[Publ. Sci. Tech. Ministére de ]’Air, Notes Tech. No. 65, 
Paris, 1957; MR 19, 897]. 

M. L. Juncosa (Santa Monica, Calif.) 


10136: 

Lomnicki, Z. A.; Zaremba, 8. K. On some moments 
and distributions occurring in the of linear, sto- 
chastic processes. II. Monatsh. Math. 63 (1959), 128- 
168. 
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.For part I, see same Monatsh. 61 (1957), 318-358; 
MR 19, 1090.) The authors determine the asymptotic 
moments and distributions of various statistics concerning 
a linear stochastic process z,=>f__.. h,,e (t=9, +1, 
+2,---) where hy=0 if k<0, > |he|< co and & (¢= 
0, +1, +2, ---) are random variables. The process {2;} is 
said to satisfy the condition Hee (Q2 1) if there exists a 
numerical sequence pi=0, po, ---, eq such that 
Efegi) --+ &{2}=py1 ++ Hye Whenever r(1), ---, v(s)>0 
and »(1)+ --- +»(s)<2Q. If, moreover, the process is 
strictly stationary and the random variables {e} are 
independent, then {x} is said to satisfy the condition 
Heg*. Let x2, xs, --- denote the cumulants of & and write 
6, =J5)2 [F’(w)]"dw, where F’(w) is the spectral density 
function of the process {z;}. 

The following type of estimators of the spectral density 
function is considered : 

N-1 
Zn'(w) = 2 2 enw cos 2rrkw, 

where OC, y=(N —|k|)~* 325" x2;,,,, and the constants 
\z,w Satisfy the conditions A_z,~=Ax,w and |Axz,n| <1. If, 
in particular, Ax,w=1—(|k|/N) when |k|<v and Ax, =0 
otherwise, then Zy’(w) = T'y”)(w) is the truncated periodo- 
gram. 7'y)(w) is a consistent estimate of F’(w) if and only 
if »>oo and »v/N-0 when N-oo. For Ty(w) the 
following theorems are proved. 

(1) Under the assumption Heg (Q22) if, moreover, 
yv>co and »v/N-0 when N->oo, and if a finite set 
{w1, ---, we} of frequencies is given, the random variables 


(1) (N/(2v + 1))¥*[ Ty (ws) — B{ Ty (w)}] 
(i = 1,2, ---, 8) 
have univariate and mixed moments up to the order Q 


tending, when N->oo, to the corresponding moments of 
normal multivariate distribution specified by 


lim 2_CoviT xr), Tx(w2)} 





n> 2v+1 
(2) = 2[F"(w1)]? if |wi| = |we| = 0 or 1/2, 
= [F’(w1)}* if |wi| = |we| ¥ 0 or 1/2, 
=0 if Jon] # |wal. 


(2) Under the assumption H,*, if yoo and v/N—0 as 
N--o, the joint probability distribution of the variables 
(1) tends to the normal multivariate distribution specified 
by (2). Similar theorems are proved for the reduced 
versions of the truncated periodograms, in which the 
covariance function is replaced by the autocorrelation 
function. 

Next the authors study the integral 


1/2 
MBy'(a)] = [_ (Zn'(o)— F'(w)]? de 


which is defined as a figure of merit of the estimator 
Zy'(w). In case Zy'(w) = T'y(w), it is proved that under 
the assumption Hs*, if »>oo and v/N—>-0 as Noo, the 
distribution of 


(N/(2v + 1)¥2)[M (Ty (w)) — B{M (Ty &(w))}) 


tends, when N-—>oo, to a normal distribution with mean 
zero and variance 46,4. Moreover, if the assumptions 
Hag (Q2 2) are substituted for Hs*, the moments of this 
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random variable up to the order Q tend to the corre- 
sponding moments of the limiting distribution. 
Finally the authors deal with the statistic 


Cry = > (1—((el/N))*Cr,2 


concerning the estimate of Se. It is proved that under the 
assumptions Hs* and »—->oo and v/N-—>0 as N->oo, the 
distribution of N/[Gy,,—H{Gy,,}] tends, when Noo, 
to a normal distribution with zero mean and variance 
8S4+4xaxe-*S*, the moments up to the order Q 
behaving accordingly if Hgg holds. If 0 <@ <1 then 


im E{Gy,ton}} = (14+ 20—62)S2 
holds. It is, therefore, proposed by the authors to take 
[eN) 
Sy,fon) = (1+20-6%)-? > (1—(k|/N))*Ce,w* 

k= —[0¥) 

with 0 <6 <1 or, more particularly, 

N-1 
Sy,w-1 = y 2 yt LRP C ew? 


as an estimator of Se. L. Takdcs (New York) 


10137: 

Finch, P. D. On the covariance determinants of 
moving-av and autoregressive models. Biometrika 
47 (1960), 194-196. 

Let 


A(z) = Go+aiz+ --- +ay2?, 
Bz) = bo+biz+ --- +bgzt 


(ao, bo = 1) be two polynomials of degree p, g, respectively, 
all of whose zeros are outside the unit circle |z|=1. Let 
{ex}, iv be two processes of orthonormal variables: 

Et&s = E{nens} = 5,2, with mean zero: Ee} = Bin =0. 
Consider the weakly stationary solution {z;}, {y%:} of the 
equations 


Goht + O1%p-1+ +++ +Oy%—p = does +bier-i+ --- +bgee-q, 
Gone t+Gim—it: +: +apm—p = boye + biyeit -- + +bgyp-~. 


The limits of the covariance determinants X,, Y, of 
order (n + 1) of the processes {x;} and {y;}, respectively, are 
evaluated and shown to be equal. The author makes use 
of a result of G. Szegé on Toeplitz forms [see Medd. 
Lunds Univ. Mat. Sem. Tome Supplémentaire (1952), 
228-238 ; MR 14, 553). 

M. Rosenblatt (Providence, R.1.) 


10138: 

Goodman, Leo A.; Grunfeld, Yehuda. Some non- 
parametric tests for comovements between time series. 
J. Amer. Statist. Assoc. 56 (1961), 11-26. 

Let (Xo, Xi, ---, Xn) =X and (Yo, Yi, ---, Yn)=Y be 
two different observed time series of equal duration. Let 
Xiwi—-XAr= W; and You—Yr=Z for +=0, 1, -++,n—1, 
Assume that the W; and Z; have continuous distributions. 
Let U;=1 if W,>0, and U;=0 if W;,<0. Let V;=1 if 
Z>0, and V;=0 if Z,<0. The joint distribution of the 
nm pairs of observations (U;, V;) can be summarized in a 
2 by 2 cross classification table. Moore and Wallis (same J. 
38 (1943), 153-164; MR 4, 281] have suggested that 
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a test of the existence of correlation between the move- 
ments in the two time series, which eliminates at least 
the primary effects of trends, can be based on the usual 
test of independence applied to the 2 by 2 cross classifi- 

cation table. This test was justified by them in the special 
case of randomly arranged signs of the first differences in 
both series. In the present article, a simple modified form 
of the Moore-Wallis test is suggested, which can be applied 
to purely random time series. Somewhat similar modifica- 
tions are also suggested for testing the existence of 
correlation between some more general kinds of time series. 

The importance of taking into account the effect of trends 
and the effect of serial correlation between the signs of the 
first differences is illustrated by means of two numerical 
examples. E. A. Robinson (Uppsala) 


10139: 

Akeasu, A. Ziya. Measurement of noise power spectra 
by Fourier analysis. J. Appl. Phys. 32 (1961), 565-568. 

Two methods are available for the statistical analysis 
of random processes: direct Fourier analysis of the 
record ; and power spectral analysis. The aim of the paper 
is to compare them, and it is claimed that they are com- 
parable as to resolution, accuracy and computer require- 
ments. W. Freiberger (Providence, R.I.) 


10140: 

Siddiqui, M. M. Tests for regression coefficients when 
errors are correlated. Ann. Math. Statist. 31 (1960), 
929-938. 

This paper discusses the distributions of the usual test 
statistics for regression coefficients when the errors are 
assumed to be correlated. The covariance matrix of errors 
is assumed to be of a certain form and the reasonableness 
of the assumption is supported. Application of the theory 
is made to testing : (a) the sample mean ; (b) the difference 
between the means of two samples; (c) the coefficients in 
a linear trend; and (d) the coefficients in regression on 
trigonometric functions. 


P. 8. Dwyer (Ann Arbor, Mich.) 


10141: 

Blum, Marvin. Recursion formulas for growing 
memory digital filters. IRE Trans. IT-4 (1958), 24-30. 

Let y(t) be the input to a digital filter. It is assumed that 
y is the sum of a polynomial P(t) and white noise. Let the 
data be sampled every 7' time units and let y,=y(uT'). 
Then if Z, is the output of the filter at t=n7, Z,= 
>%.1 C.y,. The weighting numbers C,, are chosen to yield 
the best (least squares sense) estimate of the Lth deriva- 
tive of P(t) at t=(m+a)7. The author uses a recursion 
procedure for computing Z,. K.S. Miller (New York) 


10142: 

Kailath, Thomas. Correlation detection of signals 
perturbed by a random channel. IRE Trans. IT-6 (1960), 
361-366. 

A method of detecting deterministic signals in Gaussian 


to the case where the channel itself is random. By this he 
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means that the output (for a deterministic input) is 
Gaussianly distributed with known mean and variance. 
K. 8. Miller (New York) 


NUMERICAL METHODS 


See also A9702, A9751, 10399, 10458, 
10460, 10569, 10655, 10755. 


10143: 

Zarmiihl, R. +%Praktische Mathematik fiir 
und Physiker. 3te verbesserte Aufl. Springer-Verlag, 
Berlin-Géttingen-Heidelberg, 1961. xv+548 pp. DM 
29.40. 

The first (1953) edition of this work was reviewed in 
MR 15, 470. The principal addition to the second (1957) 
edition was a chapter on statistical methods and smoothing 
of data. The alterations in the present edition are much 
more extensive and the book was rewritten to the extent 
of perhaps 40%. The changes have largely been con- 
ditioned by the increasing influence of automatic com- 
puters on the subject of numerical analysis which is 
reflected, for instance, in the new chapters on linear 
equations and matrices. In the treatment of the eigen- 
value problem, iterative methods now dominate the 
discussion, whilst Hessenberg’s algorithm has been 
omitted (it is discussed, in detail, in the author’s Matrizen 
[Springer, Berlin, 1950; 2te Aufl., 1958; MR 12, 73; 20 
#4566]). The chapter on general equations has been 
revised with the inclusion of methods to accelerate con- 
vergence, and other changes. A valuable addition, in line 
with modern developments, is a section on stability 
analysis in the numerical solution of differential equations, 
a topic which can hardly be neglected when computer 
applications are contemplated. 

The book has thus been considerably brought up-to- 
date and, with its wealth of numerical examples, presents 
a clear and readable account of practical numerical 
analysis. W. Freiberger (Providence, R.I.) 


10144: 

Orloff, C. Practical spectral mathematics in computa- 
tion. Proc. Sympos. Non-Linear Phys. Probl. (Roorkee, 
1959), pp. 8.19-S.28. Indian Soc. Theoret. Appl. Mech., 

ur. 


10145: 

Richtmyer, R. D. Monte Carlo methods. Proc. Sym- 
pos. Appl. Math., Vol. XI, pp. 190-205. American 
Mathematical Society, Providence, R.I., 1961. 

A brief but competent exposition of the use of the 
Monte Carlo method with main emphasis on the applica- 
tions to the theory of nuclear reactors. As part of an 
integrated symposium in nuclear reactor theory it, 
rightly, gives only a brief general description of the 
method, and then describes in some detail a particular 
application made by the author to a specific problem of 
importance to reactor theory : the calculation of resonance 
capture probability in a reactor lattice. 

R. R. Coveyou (Oak Ridge, Tenn.) 
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10146: 
Sackmann, L.-A. Mise en équation des résultats d’expéri- 
ences. Recherche des lois empiriques et calcul des 
. Les mathématiques de |’in- 
génieur, pp. 277-290. Mém. Publ. Soc. Sci. Arts Lett. 

Hainaut, vol. hors série, 1958. 

Si l’on fait subir & des mesures affectées d’incertitudes 
égales une transformation, les mesures transformées ont 
des incertitudes qui peuvent étre précisées mais sont, en 
général, inégales. J. Kuntzmann (Grenoble) 


10147: 

Loeb, Henry L. Algorithms for Chebyshev approxima- 
tions using the ratio of linear forms. J. Soc. Indust. Appl. 
Math. 8 (1960), 458-465. 

The purpose of the present paper is to describe some 
methods of obtaining from a special class of functions the 
best or Chebyshev approximation over a discrete set of 
points. Each function of this class is given by the ratio of 
two linear forms. The class of all functions which are the 
ae ee 
nomial is an example of such a class. Two algorithms for 
obtaining best approximations, a linear inequality method 
and a d program , are discussed. The 
methods are illustrated by numerical examples. 

M. R. Hestenes (Los Angeles, Calif.) 


10148: 

Cadwell, J. H. A least squares surface fitting program. 
Comput. J. 3 (1960/61), 266-269. 

This note describes a Mercury Autocode program to 
yield a least-squares fit of a bivariate polynomial f(z, y) 
to data given at points of a finite rectangular grid in the 
(x, y)-plane. The spacing need not be uniform in either 
direction, and unequal weights can be allotted to rows, to 
columns, or to both. The routine i dently forms 
orthogonal polynomial systems {p,(x)} and fd) by the 
three-term recurrence method discussed by Forsythe [J. 
Soc. Indust. Appl. Math. 5 (1957), 74-88; UR 19, 1079]. 
By e residuals, the program then determines 
which product terms 9,(z)-y%e(y) should be used in the 
final fit. An iterative subroutine provides for the possi- 
bility of missing data. A numerical example is given, and 
there are some examples of running times. It is noted that 
round-off sometimes causes a lower-degree polynomial to 
provide a better fit than one of higher degree. 

G. E. Forsythe (Stanford, Calif.) 


10149: 


Ostrowski, A. M. On the convergence of Gauss’ 
in the method of the least 


alternating procedure squares. 
Ann. Mat. Pura Appl. (4) 48 (1959), 229-235. (Italian 


summary) 

Let P be an (m x n)-dimensional matrix with m <n. Let 
¢ be an n-dimensional vector. The problem at hand is to 
find the vector x satisfying conditions of the form Px=b, 
one which minimizes the quantity ja—c|?= SP_, (a, —G)*. 
Gauss has given an for solving these 
equations, and shown that if the sequence of vectors 


NUMERICAL METHODS 








10146-10152 





10150: 
in der A i Z. Angew. Math. Phys. 10 
(1959), 245-280. (English summary) 

The present paper is concerned with the study of over- 
determined linear systems. The problem studied can be 
interpreted geometrically as follows. In an n-dimensional 
Euclidean space let F be a y-dimensional subspace through 
a given point f. The problem is to find the nearest point s 
in F to a given point J not on F. A point z in F can be 
given parametrically in the form r=Cy+/f, where C is a 
(n x y)-dimensional matrix or it can be given implicitly by 
Buz +b6=0, where B is an [(n—-y) x n]-dimensional matrix. 
The solution of such systems by means of relaxation- 
methods is discussed. A detailed description of the method 
of conjugate gradients is given. The algorithm avoids the 
use of normal equations. The “Method of hypercircles”’ 
of Synge is used to find upper and lower bounds to the 
sum of the square of residuals. 

M. R. Hestenes (Los Angeles, Calif.) 
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10151: 

Birkhoff, Garrett; Garabedian, Henry L. Smooth sur- 
face interpolation. J. Math. and Phys. 39 (1960), 268- 
268 


From the authors’ summary: “It is the purpose of this 
paper to describe an analog of linearized spline inter- 
polation, applicable to functions of two variables. This 
analog will also be one of piecewise polynomial interpola- 
tion, defined by polynomial interpolation, defined by 
polynomial functions on polygonal subdomains, having 
continuous tangent planes (of class C’) across the seams 
(edges) connecting adjacent subdomains.” 

A. 8. Householder (Oak Ridge, Tenn.) 


10152: 

Griffin, James A., Jr. A method of four-point inter- 
polation especially adapted for treating end conditions of 
wings and other elastic surfaces. J. Aerospace Sci. 28 
(1961), 161-162. 

Explicit formulae for cubic interpolation with con- 
tinuous derivative at all interior points are given. The 
abscissas (21, %2, ---, Zn) are assumed to be equidistant. 
The interpolant F through any two consecutive interior 
points P;, Pi; is determined by the following con- 
ditions: F(x;)=y;, F’(x;)= [xj-1, Xj+1] (j=#,#+1) where 
[---, +++] is divided rence. is of course a 
four-point formula due to the extra points used for the 
determination of the slopes. 

Several cases are discussed to find an interpolant in the 
outermost intervals : (1) Quadratic interpolation with con- 
tinuous slope at the point next to the endpoint. (2) Cubic 
interpolation with additional assumptions: (a) symmetry 
at the endpoint (yo=y2); (b) antisymmetry at the end- 
point (yo= —y2, y¥i=0) (this condition is unnecessarily 
restrictive ; point symmetry can be achieved by putting 
Yo—¥1=¥Yi—Y2); (c) curvature zero at the endpoint. A 
remark follows about the adaptation of this type of 
interpolation to point sets with nonequidistant abscissas. 
One assumes the problem to be solved for equidistant 
abscissas but undetermined ordinates, which appear only 
linearly. Forcing this interpolant through the actually 
given points results in » linear for the unknown 
ys. Certainly the coefficient matrix will be 
for moderate deviations from equidistance (since the unit 
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matrix results for equidistant points), but crowding of 
abscissas leads to a singular matrix and the method fails 
to work, since the inverse matrix is required. 


H. Oser (Washington, D.C.) 


10153: 
, A. Fehlerfortpflanzung bei Interpolation. 
Numer. Math. 3 (1961), 62-71. 

Let 29 < 21 < +--+ <2m, Xe =X0O+V(Lm—2Xo)/m. Put Ma.m= 
maxz,<2<z,, | Pn(x)|, where the maximum is extended over 
all polynomials P,(x) of degree not exceeding n for which 
|Pa(z»)| $1, 0S v<m. The author proves 


gnti 
en(log n +C) 
(C being Euler’s constant) 


and obtains various further extremal properties of poly- 
nomials (e.g., Mn,2m=1+0O(n*/m?)). [See also P. Erdos, 
Ann. of Math. (2) 44 (1943), 330-337; MR 4, 273.] 

P. Erdés (Budapest) 


Man = (1+0(1)) 


10154: 

Stone, Henry. Approximation of curves by line seg- 
ments. Math. Comp. 15 (1961), 40-47. 

It is desired to approximate, in a least-square sense, a 
function y=f(x), single-valued and continuous over the 
interval uo <2 < un, by the piece-wise linear function 


y=a+bz, wsr < %, 
= Ge+ber, U1 Sz < Uz, 
= Gy+byz, un-1 Sz S uy, 


where the up (p=1, 2, ---,N—1) are not specified in 
advance. N, of course, is specified. 

For f(z) a quadratic written in the form f(z)=rz?+ 
sx+t, r%0, the end points of each interval divide the 
whole interval (uo, uy) into N equal parts, up=uo+ 
(p/N)(un — uo), and the approximation is continuous, i.e., 
Ap + bytty = Ap41+bp+1%y (p=1, 2, ---, N—1). In general, 
a continuous approximation is desirable. (Although the 
proofs as stated are not rigorous, these results appear to 
be correct.) 

The method presented for the general problem is an 
iterative numerical scheme in which the system of equa- 
tions for the least-square method are linearly approximated 
at each iteration step. As an illustration, this method is 
applied to f(x)=k:+k2e-* for various values of c, ki, ke 
and for N=2,3, and 4. The method is applied to the 
function g(x)=ri+rex+rse7* by reducing it to the 
previous case. These functions are used in gasoline- 
blending problems for the lead-susceptibility curves which 
represent a constraint on the solution. It is desirable when 
using programming (linear or not) methods in such prob- 
lems to have linear constraints. 

G. W. Evans, II (Menlo Park, Calif.) 


10155: 

. An illustration of a stochastic curve 
fitting method. Bull. Inst. Internat. Statist. 35 (1957), 
no. 2, 7-23. (French summary) 


An example with detailed numerical analysis is pre- 
sented to illustrate theory developed by Mann (Sankhya 
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11 (1951), 97-106; 12 (1952), 117-120; 18 (1954), 325- 
350; MR 13, 667; 15, 242; 16, 154]. 
I. R. Savage (Cambridge, Mass.) 


10156: 

Gautschi, Walter. Recursive computation of certain 
integrals. J. Assoc. Comput. Mach. 8 (1961), 21-40. 

Many functions such as the exponential integral, Bessel 
functions, and Legendre functions can be computed by 
schemes involving recursion relations of the form f,+;= 
anfn+b,. In such schemes the propagation (or damping) 
of initial condition error of round-off error depends on the 
direction of recursion. A quantitative description is made 
of the error propagation and an amplification factor 
defined. The dependence of the amplification factor on 
the solution of the homogeneous difference equation is 
derived. It is proved that the propagation of error is un- 
changed by certain types of linear substitutions for the 
function. For those important cases where there is error 
damping with backward recursion it is shown that there 
is a higher order v for which f=0 can be assumed and a 
desired accuracy obtained at fy. The 6,(x) integral (used 
frequently in the theory of molecular structure) and the 
exponential integral are examined in detail and two 
theorems are given concerning relative minima and 
maxima in the amplification factors. For these two 
functions specific criteria are derived for the appropriate 
v which lead to explicit computer algorithms. 

F. J. Corbato (Cambridge, Mass.) 


10157: 


wave resistance. Quart. J. Mech. Appl. Math. 14 (1961), 
49-58. 

This paper deals with the numerical calculation of 
Michell’s integral for the wave resistance of a ship in calm 
water, especially with the treatment of a hull given by 
offsets at discrete points. The integral used is, in fact, not 
quite correct, but this does not detract from the useful- 
ness of the analysis. J. V. Wehausen (Hamburg) 


10158: 

Lee, Kiuck; Radosevich, Lee G. [Evaluation of 
aJ,(z)/av. J. Math. and Phys. 39 (1960), 293-299. 

The derivative of a Bessel function with respect to its 
order is expressed in terms of an infinite series of Bessel 
functions. The series, tables of Bessel functions, and some 
well-known recurrence relations are used to construct 
tables of the derivative for values of the argument equal 
to 1(.5)15, and order equal to 1/4, 1/3, 2/3, 3/4, and each 
of these incremented by 1, 2, 3, and 4. A few other results 
are considered briefly, including a formula for second 
derivatives. T. E. Hull (Vancouver, B.C.) 


10159: 
programming problems. Bull. Inst. Internat. Statist. 36 
(1958), no. 3, 335-356. (French summary) 

Author’s introduction: “When linear programming 
problems have to be solved in practice the crucial problem 
is to find elements he A, ke K for which the optimal 


for 
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values 4, > 0 and the optimal multipliers 1, > 0. The paper 
gives exact criteria for he A, heh kek k¢ &, and for 
the cases when no finite optimal solution exists. Because 
the exact rules might be difficult to apply, rules for 
defining good surrogate sets for (A, R) are also given. 
Some numerical examples are solved by means of the new 
principles. The so-called transportation problem is con- 
sidered in detail. Some remarks about the probability of 
the existence of finite optimal solutions to linear-pro- 
gramming a and the distribution of (4, 1) are made 
in an appen Ky Fan (Detroit, Mich.) 


10160: 

L. A method for linear programming com- 
putation. Bull. Inst. Internat. Statist. 36 (1958), no. 3, 
290-302. (French summary) 

From the author’s summary: “Les calculs sont con- 
duits selon une interprétation géométrique simple des 
inégalités définissant le champ des valeurs acceptables des 
variables. Pour deux variables, ... Pour trois variables, 
... L’extension & un hyperespace cartésien s’effectue par 
la dialectique classique.” Ky Fan (Detroit, Mich.) 


10161: 

Lukaszewicz, Leon. Note on computer storage require- 
ments for solving linear system of equations. Prace ZAM 
Ser. A No. 6 (1960), 3 pp. 

The author maintains that high-speed storage capacity 


determines the limit of the size of a linear system of 


equations that can be efficiently solved on a digital com- 
puter. Accordingly, he is interested in minimizing this 
storage. 

Citing earlier approaches, he indicates that most pro- 
cedures require matrix-element storage of at least N?+N 
cells where N is the order of the system. A projection 
method is referenced which only requires }(N + 1)?+N+1 
cells. 

A procedure is described showing how the elimination 
process can also be implemented using only }N?+2N 
cells for element storage. This procedure depends upon 
reading into memory successive rows of the augmented 
matrix and performing row elimination. In addition to 
eliminating the first i— 1 elements of row i the author also 
requires elimination of the first t— 1 elements of column #. 
The paper is not sufficiently clear on the pivoting process. 
The possibility exists for row multipliers to be larger than 
one in magnitude. 

{The numerical expression should probably read 
N+1)2?+N+1+ W1} 

W. L. Frank (Los Angeles, Calif.) 


10162: 

Waltmann, William L. A revision of a completi 
method for inverting matrices and its to ill- 
conditioned matrices. Proc. Iowa Acad. Sci. 67 (1960), 
362-368. 

The author modifies the so-called completion method 
of Sherman, Morrison, and Bartlett in such a fashion that 
ill-conditioned matrices can be handled by the algorithm. 
An example of a small matrix is given with an exceedingly 
small determinant. The method is used to invert this 
matrix. H. H. Goldstine (Yorktown Heights, N.Y.) 
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10163: 

Kellogg, R. Bruce; Noderer, L.C. Scaled iterations and 
linear equations. J. Soc. Indust. Appl. Math. 8 (1960), 
654-661. 

For solving the equation (J — A)x=b, the authors con- 
sider the nonlinear iteration 


nti = (Ax_+b)Lb/L(I —A)(Ax_ +5), 


where L is some linear functional (a row-vector in the 
finite case). It has the property of forcing each iterate to 
lie in the hyperplane L(J —A)z= Lb which is important 
in some physical applications. The first theorem states 
that if Pz=z—(Lz/Lb)b, the iteration converges to the 
solution x with any starting vector zo satisfying Lay40 
if and only if (PA)"z converges to 0 for any z (i.e., if and 
only if the spectral radius of PA is less than unity). The 
rate of convergence is given for the case A has property 
(A) and is consistently ordered (in Young’s sense). 
Application is made to Banach space. 

A. 8. Householder (Oak Ridge, Tenn.) 


10164a: 
Davidenko, D. F. Inversion of matrices by the method 


of variation of Dokl. Akad. Nauk SSSR 131 
(1960), 500-502 (Russian); translated as Soviet Math. 
Dokl. 1, 279-282. 

10164b: 


Davidenko, D. F. The evaluation of determinants by 
the method of variation of parameters. Dokl. Akad. 
Nauk SSSR 131 (1960), 731-734 (Russian) ; translated as 
Soviet Math. Dokl. 1, 316-319. 


10164c : 

Davidenko, D. F. The method of variation of param- 
eters as applied to the computation of eigenvalues and 
eigenvectors of matrices. Dokl. Akad. Nauk SSSR 131 
(1960), 1007-1010 (Russian); translated as Soviet Math. 
Dokl. 1, 364-367. 


These three notes give further applications of an idea 
described by the author [same Dokl. 88 (1953), 601-602; 
Ukrain Mat. Z. 5 (1953), 196-206; MR 14, 906; 15, 164]. 
In the first it is noted that the inverse B(A) of a matrix A(A) 
whose coefficients are functions of a eter satisfies 
the differential equation B’(A)= — B(A)A’(A)B(A). The 
determination of B(A), given some B(Apo), is reduced to 
the integration of the above system of n?® differential 
equations. It is asserted that this computation is easily 
realizable and numerically stable. In the second note 
the use of the following differential equation for A(A)= 


det A(A) is suggested : 
A’(A) = A(A) tr(B(A)A"(A)). 


In the third note a differential equation for p(A), an 
eigenvalue of A(A), is obtained. Let B(A)=A(A)— PM, 
O(A)=adj B(A) and B,(A) the derivative with 
p; then p’(A)= —tr[C(A)B’(A))}/tr[C(A)Bp(A)). Nemorical 
results are given in the case of a 4x4 matrix. [See also 
A. A. Dorodnicyn, Dokl. Akad. Nauk SSSR 126 (1959), 
1170-1171; MR 20 #6087). 

O. Taussky-Todd (Pasadena, Calif.) 


10165: 
Greenberg, B. G.; Sarhan, A. E. Matrix inversion, its 
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interest and application in analysis of data. Bull. Inst. 
Internat. Statist. 37 (1960), no. 3, 107-120. (French 
summary) 

Least-squares computations involving analysis of 
variance, analysis of covariance, order statistics, or the 
fitting of response surfaces frequently feature the inver- 
sion of symmetric matrices, having definite structural 
patterns whose inverses are of specified forms. The authors 

consider diagonal matrices of type r, consisting of the 
main diagonal, r — 1 superdiagonals, and r — 1 subdiagonals 
containing non-zero elements and zeroes elsewhere. A 
sufficient condition is given that a symmetric matrix has 
an inverse of type r. Specific results and examples are 
given for r=1, 2, 3. 

Partitioning may also be used on patterned matrices 
and may be helpful in obtaining the inverse. The authors 
illustrate this with a matrix obtained from fitting a 
response surface. Usually regression problems do not lead 
to patterned matrices. In this case the authors recom- 
mend a modified square-root method for matrix inversion. 

P. 8. Dwyer (Ann Arbor, Mich.) 


10166: 

Klingst, A. Vermeidung der Fehlerfortpflanzung bei 
der Inversion grosser Matrizen mit Hilfe einer elektroni- 
schen Rechenmaschine.  Math.-Tech.-Wirtschaft 7 
(1960), 110-111. 

In this paper the author is interested in measuring the 
effect on the inverse of a matrix of a small change in an 
individual element of the matrix. His method depends 
upon an application of a known result and serves as a 
basis for some possible methods for matrix inversion. 

H. H. Goldstine (Yorktown Heights, N.Y.) 


10167: 

Arms, R. J.; Gates, L. D.; Zondek, B. A method of 
block iteration. J. Soc. Indust. Appl. Math. 4 (1956), 
220-229. 

Die Verfasser iibertragen die Resultate von D. Young 
betreffend das Uberrelaxationsverfahren Amer. 
Math. Soc. 76 (1954), 92-111; MR 15, 562] auf den Fall, 
daB die Elemente der Koeffizientenmatrix selbst Matrizen 
sind (d.h. daB die Unbekannten zu Blécken zusammenge- 
faBt und auch blockweise relaxiert werden). Unter der in 
Analogie zu Young definierten “Property A” ergeben sich 
auch villig analoge Aussagen iiber das Konvergenzver- 
halten und den optimalen Relaxationsfaktor w».—Die 
Verfasser stellen fest, daB “Property A” im Sinne der 
Blockrelaxation auch dann noch bestehen kann, wenn sie 
im Youngschen Sinne nicht mehr besteht; dies trifft 
beispielsweise fiir Matrizen mit der Eigenschaft ag =0 fiir 
|t—k|>m zu. Nach Feststellungen des Referenten kann 
mit dem neuen Verfahren unter Umstinden eine bedeu- 
tende Verkiirzung der Rechenzeit erzielt werden. 

H. Rutishauser (Zbl 77, 325) 


10168: 
Kuo, Shan 8. A note on Jacobi’s method for real 
matrices. J. Sei. 28 (1961), 255. 
_The author uses the well-known method of Jacobi for 
real matrices in connection with 
“a study of the effect of the selection of the number 
of masses and their distribution in approximating the 
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of the number of rotations needed for convergence to 
eight decimal places is given. 

H. H. Goldstine (Yorktown Heights, N.Y.) 
10169: 


Smith, Oliver K. Eigenvalues of a symmetric 3x3 
matrix. Comm. ACM 4 (1961), 168. 


10170: 

Liv3ic, B. L. Speeding up the limiting process for 
obtaining roots to secular equations by the method of 
Mayanc. Dokl. Akad. Nauk SSSR 132 (1960), 1295- 
1298 (Russian); translated as Soviet Physics. Dokl. 5, 
575-579. 

If some circular disk with center at A» contains one and 
only one proper value A of a matrix A, then starting with 
any vector 2» not lying on a certain particular hyperplane, 
the vectors z, defined by the iteration (A —Ao/)z,41=2, 
converge in direction to the invariant direction belonging 
to A. If at each step Ao is replaced by A= wt Az,/wiz,, 
where w#z940, convergence is accelerated. This is 
Wielandt’s “broken iteration” [Bericht B44/T.37 der 
Aerodynamischen Versuchsanstalt Gottingen (1944)]. Con- 
vergence may also occur with (A—A,J)z,i1=«,%0, for 
arbitrary «,# 0. These and related iterations are discussed 
by Crandall [Proc. Roy. Soc. London Ser. A 207 (1951), 
416-423 ; MR 13, 163] and, more recently and more fully, 
by Ostrowski [Arch. Rational Mech. Anal. 1 (1958), 233- 
241; MR 21 #427, and subsequent papers in the same 
journal]. 

A further variant of the last variant mentioned can be 
obtained by applying Newton’s method. This was done 
by Mayanc [Dokl. Akad. Nauk SSSR 48 (1945), 334-337; 
MR 8, 54] and by Kohn [J. Chem. Phys. 17 (1949), 670; 
MR II, 136]. Specifically, for given A,, z,41 is expanded in 
powers of A—A, but with a particular component fixed, 
and 2» is taken to be the coordinate vector along that 
component. Then n—1 equations determine uniquely the 
other components of vector coefficients of as many 
powers of A — A, as are desired, and the remaining equation 
provides A,,,. An obvious extension of the method applies 
to the solution of the problem (W —AK)xz=0 where either 
W or K is nonsingular. The method of Mayanc proceeds 
only as far as the linear term in A—A,; the purpose of the 
present paper is to point out the obvious fact that addi- 
tional terms could be obtained, but the author seems not 
to have observed that for fixed a,29, z,,; can be obtained 
exactly (to within rounding errors) and that expansion is 
unnecessary. A. 8. Householder (Oak Ridge, Tenn.) 


10171: 

Fichera, Gaetano. Computation of eigenvalues and 
eigensolutions. Symposium on questions of numerical 
analysis : of the Rome Symposium (30 June- 
1 July 1958) organized by the Provisional International 
Computation Centre, pp. 20-32. Libreria Eredi Virgilio 
Veschi, Rome. 

This is a concise review of several methods for approxi- 
mating eigenvalues and eigenvectors. The Rayleigh-Ritz 
and Weinstein method and their applications to second 
order differential operators are discussed. The author 
proves that these methods give convergent xima- 
Sa a eigen- 


dynamic characteristics of a uniform beam.” A tabulation | vectors. 
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The inclusion theorem of Wielandt [Math. Ann. 121 
(1949), 234-241; MR 11, 307] and the earlier theorem of 
Temple [Temple and Bickley, Rayleigh’s principle and its 
applications to engineering, Oxford Univ. Press, London, 
1933] are given. 

The last section is an account of the author’s proof 
{[Ann. Mat. Pura Appl. (4) 40 (1955), 239-259; MR 17, 
770] of the convergence of a modification of Picone’s 
method for approximating the eigenvalues of a non-self- 


adjoint operator. 
H. F. Weinberger (Minneapolis, Minn.) 


10172: 

Goodey, W. J. The approximate calculation of eigen- 
values for certain second-order linear differential equa- 
tions. J. Roy. Aero. Soc. 65 (1961), 360. 


10173: 

Kincaid, W. M. A two-point method for the numerical 
solution of of simultaneous equations. Quart. 
Appl. Math. 18 (1960/61), 313-324. 

The method is suggested by the method of false position 
for solving a single equation, and may be considered an 
attempt to generalize it. Only the case of two equations is 
discussed : p(X) = ¢;(x1, x2) =0, t= 1, 2. For any function 
f(X) and pair of points A and B, the symbol AfB is taken 
to represent the point whose coordinates are 


ey = [af (B)—bf(A)/Lf(B)—f(A)). 


The process is then the following. Let f, g, and h be pair- 
wise linearly independent linear combinations of g; and 
2 satisfying f+g+h=0. Select points Ri, 8:, and 7 and 
form S8;'= RifS;, T1'= RifT1, Ri’ =S1'gRi, T2=S1'gT 1’, 
R.=T AR’, Sa=T2h8;'. Conditions for convergence are 
stated, and convergence is shown to be of second order 
when those conditions are satisfied. A numerical example 
is given. 
While the idea has some appeal, the points must clearly 
be chosen with some care. For example, 82 is at infinity if 
it should happen that h(7'2)=A(S1'), hence it might not 
be easy to satisfy the hypotheses ired for convergence. 
A. 8. Householder (Oak Ridge, Tenn.) 


10174: 

Bodmer, W. F. On the convergence of iterative pro- 
cesses for the solution of simultaneous equations in 
several variables. Proc. Cambridge Philos. Soc. 56 (1960), 
286-289. 

Orders of convergence, and generalized Newton-Raphson. 
The author seems unacquainted with much of the recent 
literature on the subject, including the reviewer's 
Principles of numerical analysis (McGraw-Hill, New York, 
1953; MR 15, 470] and Rudolf Ludwig, Z. Angew. Math. 
Mech. 32 (1952), 232-234; 34 (1954), 210-225, 404-416 
[MR 16, 78, 524]. A. S. Householder (Oak Ridge, Tenn.) 


10175: 


by powers of an associated matrix using 
Aa pel re at 
Math. 18 (1960), 508-512. 

It is well known that the Bernoulli method of solving 
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an algebraic equation is equivalent to the repeated 
multiplication of a suitable initial vector by the compari- 
son matrix A. The author suggests that high powers of 
the matrix be formed at the outset, applying the Cayley- 
Hamilton theorem for expressing any power in terms of 
those up to n—1. Actually, simple repeated squaring is 
probably more efficient for this, and for a much more 
thorough study see F. L. Bauer in 8.-B. Math.-Nat. KI]. 
Bayer. Akad. Wiss. 1954, 275-303 [MR 18, 151]. 

A. 8. Householder (Oak Ridge, Tenn.) 


10176: 

Maxfield, John E. An iterative scheme for finding the 
real zeros of certain polynomials. SIAM Rev. 2 (1960), 
148-150. 

Lin’s iteration scheme for finding real zeros of a poly- 
nomial is modified here so as to ensure local convergence 
if the real zeros are distinct. Con is to either the 
largest or next to the largest real zero if the initial estimate 
is sufficiently good that certain second order terms in the 
error can be ignored. M. Marden (Milwaukee, Wis.) 


10177: 

Bégel, Karl. Uber ein fiir Stabilititsuntersuchungen 
geeignetes Normdiagramm der Gleichungen dritten Grades. 
Les mathématiques de l’ingénieur, pp. 236-244. Mém. 
Publ. Soc. Sci. Arts Lett. Hainaut, vol. hors série, 1958. 

For the solution of the third-degree equation with real 
coefficients (1) 2° + aexr* + a\x +a9=0, the author proposes 
the substitution z=aec, ag4#0. Equation (1) becomes 
(2) c3+c2+A,c+Ao=0, where Ao=4o/a2°, Ai =4;/a2". 
Equation (2) is always stable (all roots have negative real 
parts) if equation (1) is stable. The author then sets up 
“norm diagrams” (graphs on rectangular coordinates Ao, 
A;) from which one rapidly finds the solutions of equation 
(2). The case ag=0 is easily reduced to the above when 
one puts x= 1/y in (1). E. Frank (Chicago, Ill.) 


10178: 

Bareiss, Erwin H. Resultant procedure and the mech- 
anization of the Graeffe process. J. Assoc. Comput. 
Mach. 7 (1960), 346-386. 

This paper presents some new ideas about the Graeffé 
or root-squaring method for solving polynomial equations 
with real coefficients with the view to utilization with an 
automatic computer. In an appendix a procedure code is 
given in the ALGOL 60 language. This together with 
several flow charts and diagrams should make the method 
available to any computer. 

The main ideas are as follows. Let P(x) be a polynomial 
with real coefficients. By the root-s i we can 
first determine the absolute value p of a root of P(x)=0. 
We then consider a quadratic Q=2?+px+p* with un- 
known middle coefficient p. The resultant R of P and Q, 
which is determined recursively, will have real roots p; 
for which |p;|<2p for every root a; of P(x) such that 
|a;| =p. In fact Re(a;) = —p;/2. The whole procedure then 

on finding real roots. 

So much for theory. In practice there are many con- 
siderations to deal with. For input besides the degree and 
coefficients of P the author introduces in advance the 
number M of iterations of the root-squaring process to be 
used, the relative accuracy « desired in the roots and 
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another tolerance called the pivotal bound determined by 
M and the desired resolving power of the root-squaring 
process. It could be argued that one is putting in too 
much; and indeed there are rare polynomials for which 
this input constitutes a contradiction. Experience with 
more than 800 polynomials from engineering problems 
indicate that M=10 and e=10-* are satisfactory. The 
root squaring and resultant procedure are carried out in 
double-precision floating arithmetic. Accuracies to 10~¢ 
in the roots are indicated in the examples. There is a 
thorough-going treatment of numerical stability and 
testing of roots. According to the usual accounts of the 
Graeffé method the absolute values of the roots appear in 
descending order. The author points out that this is not 
always the case and cites the example 


P(x) = (x3—5)(x—3)(z—1) 


with pi1=3, p2=1, ps=5. There are four other test 
examples of polynomials of degrees up to 20, some having 
as many as 7 roots of the same absolute value. There is an 
interesting historical survey of root-squaring methods and 
a bibliography of 50 titles. 

D. H. Lehmer (Berkeley, Calif.) 


10179: 

Stroud, Arthur H. Quadrature methods for functions 
of more than one variable. Ann. New York Acad. Sci. 
86, 776-791 (1960). 

The author surveys some of the known results in the 
numerical evaluation of multiple integrals including 
research in which he participated. He gives his numerical 
integration formula of degree 2 for 3-space derived by a 
method applicable to n-space. Error analyses are also 
summarized with especial emphasis on that of von Mises 
for starlike regions in n-space. A summary of results using 
Monte Carlo type and point-pattern formulas on two 
integrals for n = 4 is given. The bibliography is exception- 
ally thorough including references to the rather extensive 
Russian literature. P. C. Hammer (Madison, Wis.) 


10180: 
Lambert, Robert J. Error terms of numerical integra- 
tion formulas. Proc. Iowa Acad. Sci. 67 (1960), 369-381. 
The author proves that the function 


Qn(s) = [ie-» ++ (t—n) dt 


does not change sign on the interval (0, n). This result is 
used to obtain certain representations of the error in 
Newton-Coles quadrature formulas. Though not derived 
in exactly the same way these error representations are 
given in the book by V. I. Krylov, Priblizennoe vytislenie 
integralov [Gosudarstv. Izdat. Fiz.-Mat. Lit., Moscow, 
1959; MR 22 #2002). A. H. Stroud (Madison, Wis.) 


10181: 
Baker, Frank B. A method for evaluating the area of 
the normal function. Comm. ACM 4 (1961), 224-225. 


10182: 
Squire, William. Some applications of quadrature by 
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differentiation. J. Soc. Indust. Appl. Math. 9 (1961), 
94-108. 

Lanczos [Applied analysis, Prentice-Hall, Englewood 
Cliffs, N.J., 1956; MR 18, 823] has given a general dis- 
cussion of quadrature formulas of the form 


[i sey ae & SF Avra) + (1m EO)|\O—ayeH 


which are exact for all polynomials of degree <2N —1. 
The object of the present paper is to give a more detailed 
discussion of the applications given by Lanczos and to 
present some additional applications of this method. The 
applications considered are: (1) representation of the 
solution of a linear ordinary differential equation; 
(2) the solution of boundary-value problems for differential 
equations with specific discussion of a vibrating string, 
laminar heat transfer in a channel and a nonlinear 
pendulum; (3) the solution of eigenvalue problems by 
variational methods; (4) the determination of unknown 
constants in a differential equation ; and (5) the numerical 
integration of ordinary differential equations. The author 
also gives a short table of the coefficients Ay” in formulas 
similar to the above which are exact for f(x) =exp[ikmz/ 
(b—a)] (—-NsksQ). A. H. Stroud (Madison, Wis.) 


10183: 
Ledsham, F. C. Numerical integration using sums of 
exponential functions. Math. Comp. 15 (1961), 48-51. 
In some contexts the numerical calculation of the 
integral 
PZotkh 


Yr—Ym = | qdx, q = dy/dz, 


Zotmh 

is obtained more accurately by the approximation 
DdP-o Blk, m, n, h, r)gr, with gr, known at the (n + 1) points 
x=2o9+rh, r=1, 2, ---,n, being represented in the form 
>d7-9 % exp(azx), rather than by the Newton-Cotes type 
formula which uses a polynomial representation of q. For 
selected a; previous writers have found the a; by solving 
numerically the linear equations g,=>?_, 57, where 
by =a, exp(cyxo), ts =exp(ah). Here it is shown that the 
formula b; =|]; (t;—@)/Tlyee (6-4), with g* being inter- 
preted finally as g,, gives the required coefficients directly. 
The coefficients have the advantage of being independent 
of k and m. L. Fox (Oxford) 


10184: 

Sagirow, P. Uber periodische Lésungen nichtlinearer 
Differentialgleichungen und iiber eine Beziehung zwischen 
Amplitude und uenz. Z. Angew. Math. Mech. 41 
(1961), 110-114. (English and Russian summaries) 

The author treats the error estimate in the computation 
of periodic solutions of (*) L(D)z=f(x, z), where L(D) is 
a polynomial and D=d/dt. Assuming a periodic solution, 
the Fourier series is substituted into (*) and yields an 
infinite system of equations. Under the additional assump- 
tion that the first partials of f are bounded, error estimates 
for the approximation obtained by the method of har- 
monic balance are given. This is all quite formal but may 
be useful if there is some assurance that there is a periodic 
solution. The question of higher approximations is dis- 
cussed. J. P. LaSalle (Baltimore, Md.) 
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10185: 
Dennis, 8. C. R. The numerical integration of ordinary 
differential exponential type solutions. 


equations possessing 
Proc. Cambridge Philos. Soc. 56 (1960), 240-246. 

For the equation y’=f(zx, y) the efficient use of finite- 
difference methods depends on the accuracy to which f 
can be approximated by a polynomial over small ranges of 
z. If the solution y is of exponential type, the function 
u'=f/y may have better polynomial representation, so 
that 


Trip 
ren = wexp (I u’ ) 


with the integral evaluated by finite-difference methods, 
will give a better result with the same interval size. This 
idea is developed and illustrated by examples of linear and 
non-linear equations of first order and of higher orders, 
the latter being reduced to simultaneous first-order 
equations. An interesting fact is that the method seems 
to have a beneficial effect, in one case, on the stability of 
the finite-difference process. L. Fox (Oxford) 


10186: 

Ansorge, R.; Térnig, W. Zur Stabilitét des Nystrém- 
schen Verfahrens. Z. Angew. Math. Mech. 40 (1960), 
568-570. 

The authors discuss the stability of Nystrém’s method 
for numerical integration of a differential equation 
y’ — Py’ — Poy=q(x) with constant Po, Pi. By using a 
criterion which is rather a criterion for the stability of the 
differential equation than for the method used to integrate 
it numerically, the authors draw some conclusions which 
call for objection. As an example, the reviewer cannot see 
why the “integration method” should be called unstable, 
if for an unstable solution of a differential equation the 
numerical integration yields an error which is increasing 
at the same rate as a solution of the variational equation. 

H. Rutishauser (Ziirich) 


10187: 

Albrecht, Rudolf F. Approximation to the solution of 
partial differential-equations by the solutions of 
differential Numer. Math. 2 (1960), 245-262. 

Il s’agit de méthodes générales pour obtenir la solution 
approchée d’un probléme mixte relatif & une équation 
aux dérivées partielles linéaire, 4 deux variables, z et ¢, 
d’ordre quelconque, en résolvant un systéme d’équations 
différentielles en ¢. Cette transformation est nécessaire 
pour utiliser un calculateur analogique 4 la résolution 
d’un tel probléme mixte (données initiales et aux limites), 
car de tels calculateurs ne peuvent résoudre que des 
équations différentielles. 

A cet effet, l’intervalle de variation de x est divisé en N 
intervalles égaux et, en chaque point de division 2;, on 
substitue dans l’équation aux dérivées partielles une 
expression aux différences finies par rapport 4 z. On 
obtient ainsi un systéme de N équations différentielles 
dont la solution est une approximation de la fonction 
cherchée. 

La recherche de ces expressions aux différences finies 
(opérateurs de reste) et leurs propriétés axiomatiques et 
résultantes font l’objet d’une étude détaillée. Deux 
méthodes de recherche sont données. 

Ensuite, ces opérateurs sont appliqués a la résolution 
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10185-10190 


approchée du probléme mixte donné. Pour une classe 
importante de ces problémes, l’auteur donne une estima- 
tion de l’erreur commise et démontre la convergence des 
approximations. 

L’article se termine par quatre applications. Les trois 
premiéres sont relatives 4 l’équation de la chaleur avec 
second membre, conditions aux limites variées et approxi- 
mations d’ordres différents. La quatriéme est relative a 
I’équation des cordes vibrantes. Dans ces quatre applica- 
tions, une borne de l’erreur commise est donnée. 

L. Robin (Paris) 


10188 : 

Lévy, Albert. Equation aux différences finies & 
Papproximation du quatriéme ordre, pour |’équation 
d’Helmholtz des de révolution. C. R. Acad. Sci. 
Paris 251 (1960), 2126-2128. 

The author derives two difference analogues of 


rr + Oce + ker-10, + AO = 0. 


The first is a fourth-order correct formula for interior 
points, and the second is a fourth-order formula valid for 
r=0. No convergence proofs are indicated. 

J. Douglas, Jr. (Houston, Tex.) 


10189: 

Vzorova, A. I. Some supplements to the book “Tables 
for the solution of the Laplace equation in elliptic domains”. 
Vyéisl. Mat. 6 (1960), 114-117. (Russian) 

This is supplementary information for the user of the 
author’s book cited in the title [Tablicy dlya redeniya 
uravneniya Laplasa v élliptiéeskih oblastyah, Izdat. Akad. 
Nauk SSSR, Moscow, 1957; MR 19, 887]. The author 
notes that her book was designed to solve the interior 
Dirichlet problem for Laplace’s operator in various 
elliptical regions. The tables gave the coefficients of an 
expansion of the solution in harmonic polynomials, either 
in terms of selected boundary values, or in terms of 
Fourier coefficients of the boundary function. In the 
present note it is shown how the same tables can solve the 
interior Neumann problem, and also the first and second 
fundamental problems of the theory of elasticity [see N. I. 
Musheliivili, Nekotorye osnovnye zadati matematiceskoi 
teorit wprugosti. Osnovnye uravneniya, ploskaya teoriya 
uprugosti, kruéenie i izgib, 4th ed, Izdat. Akad. Nauk 
SSSR, Moscow, 1954; English translation Noordhoff, 
Groningen, 1953; MR 16, 1067; 15, 370]. 

G. E. Forsythe (Stanford, Calif.) 


10190: 

MatyaS, Josef. Successive approximations process in 
analog solution of partial differential equations by differ- 
ence method. Z. Angew. Math. Mech 40 (1960), 488— 
493. (German and Russian summaries) 

It is suggested that two-dimensional boundary-value 
problems can be solved easily by a process in which the 
interior is partitioned into overlapping sub-regions which 
are treated separately and in an iterated sequence. A 
convergence theorem for the method is suggested and a 
proof sketched. 

The English in which the paper is written is so bad 
that it is impossible to follow in several places, but it 
appears that the method may be useful on analog com- 
puters where the machine size is such that an adequately 
fine approximation net is beyond the capacity of the 
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machine. For modern digital computers this problem is 
less likely to arise but a variant of the method is in 
common use for ‘halving the interval’ in the relaxation 


solution of partial differential equations. 
A. D. Booth (London) 


10191: 

Bellman, Richard; Juncosa, Mario L.; Kalaba, Robert. 
Some numerical experiments using Newton’s method for 
nonlinear parabolic and elliptic boundary-value problems. 
Comm. ACM 4 (1961), 187-191. 

Using a generalization of Newton’s method, a nonlinear 
parabolic equation of the form w—tz2=g(u), and a non- 
linear elliptic equation uzz+Uyy=e", are solved numeri- 
cally. Comparison of these results with results obtained 
using the Picard iteration procedure show that in many 
cases the quasilinearization method offers substantial 
advantages in both time and accuracy. 

M. R. Hestenes (Los Angeles, Calif.) 


10192a: 

Lowan, Arnold N. On the propagation of round-off 
errors in the numerical integration of the heat equation. 
Math. Comp. 14 (1960), 139-146. 


10192b: 

Lowan, Arnold N. On the propagation of round-off 
errors in the numerical treatment of the wave equation. 
Math. Comp. 14 (1960), 223-228. 


These papers employ the usual eigenvalue-eigenvector 
expansion to estimate the growth of the solutions of the 
standard inhomogeneous difference equations for the one- 
dimensional diffusion and wave equations in a strip. The 
stated bounds are correct but their derivations and 
various implied generalizations are not. 

H. B. Keller (New York) 


10193: 

Butler, D. S. The numerical solution of hyperbolic 
systems of partial differential equations in three indepen- 
dent variables. Proc. Roy. Soc. London. Ser. A 255 
(1960), 232-252. 

A numerical method of characteristics is proposed for 
problems governed by nonlinear partial differential 
equations of hyperbolic type, involving three independent 
variables. The method is based on the use of four bi- 
characteristic relations and one relation along a time-like 
curve (relative to the initial surface). Details are developed 
in the cases of unsteady compressible flow in two space 
dimensions and steady supersonic flow in three dimensions. 

As an example the method is used to compute the steady 
supersonic flow past a cone, the cross section of which 
changes continuously from a circle to an ellipse of small 
thickness. The computed surface-pressure distribution is 
compared with that measured in the Fort Halstead super- 
sonic wind tunnel. Corresponding values differ by up to 
20% near the edges of the cone. This may be due to 
neglect of viscous effects and is not necessarily a result of 
inaccuracy of the numerical method. 

The method makes very free use of bicharacteristic 
relations, and no attempt is made to show the equivalence 
of the author’s characteristic equations with the original 
system of equations. The advantages of the present scheme 
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over schemes in which equivalence is firmly established 
[Coburn and Dolph, Proc. Symp. Appl. Math., Vol. I, 
pp. 55-66, Amer. Math. Soc., New York, 1949; MR 10, 
751; Holt, J. Fluid Mech. 1 (1956), 409-423 ; MR 18, 695] 
are not clear to the reviewer. Contrary to the author's 
assertion, the latter schemes are not restricted in their 
generality. At the same time, they appear to be better 
suited than the present scheme for many important 
applications, especially the treatment of small perturba- 
tions of problems involving two independent variables. 
M. Holt (Berkeley, Calif.) 


10194: 

Godunov, 8. K. A difference method for numerical 
calculation of discontinuous solutions of the equations of 
hydrodynamics. Mat. Sb. (N.S.) 47 (89) (1959), 271-306, 
(Russian) 

A development of the methods due to von Neumann 
and Richtmyer [J. Appl. Phys. 21 (1950), 232-237; MR 
12, 289] and Lax (Comm. Pure Appl. Math. 7 (1954), 
159-193 ; MR 16, 524), for the numerical solution of partial 
differential equations, is described. The method is applied 
to a number of problems in one-dimensional gas dynamics, 
in which shock waves and contact discontinuities arise. 
Results are found to compare very favorably with those 
from parallel calculations using the method of character- 
istics. M. Holt (Berkeley, Calif.) 


10195: 

Kronrod, A. 8. Numerical solution to the equation of 
the magnetic field in iron with allowance saturation. 
Dokl. Akad. Nauk SSSR 132 (1960), 95-97 (Russian); 
translated as Soviet Physics. Dokl. 5, 513-514. 

The equation 


7 ou 7 ou 

ae P| ay [FF] 9 
with ¢=¢(|grad u|*), a monotone nondecreasing function, 
is replaced by a ‘‘centered”’ nine-point difference formula. 
Simultaneous iterations are suggested for solving the 
entire non-linear system. For solving each non-linear 
equation associated with the midpoint of any star, one 
application of Aitken’s 5? process is suggested. No proofs 
of convergence and no discussion of boundary conditions 
are given. H. B. Keller (New York) 


10196: 
Nestor, 0. H.; Olsen, H. N. Numerical methods for 
line and surface probe data. SIAM Rev. 2 
(1960), 200-207. 
Abel’s integral equation is given in the form 


() Qe) = 2 [* fore 


(r2?—22)i/2 
which has the solution 


1 (® Q(x) dz 

(2) Fb © = d = 

assuming that Q(R)=0 and Q’(z) is continuous on (0, 2). 
Q(z) is given by experiment on a set of equidistant 

points 2a%=i-a (i=0,1,2,---,N). The substitutions 

z*=u, r?=v are made and Q(u) is approximated in each 
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interval u, << tUn+1 by a linear function. The derivative 
Q’(u) is therefore constant in each subinterval. 
With these assumptions made, (2) can be integrated 
explicitly, yielding 
Q N-1 
(3) fie) = —25 E, AnalQns1 Qn) 


with Ag,» =(2n+1)-{((n+ 1)*—k2)¥/2—(n?—k2)V/2], In 
order to avoid taking differences of the function Q(z), the 
authors replace (3) by f(rx)=(—2/ma) 57_, By»-Q, where 
the By,» are exp by the Ag». A table of the Bz,» 
for N=1, 2, ---,30 is given. A second table contains 
coefficients C;y,, to compute f(r) from 

1 f® F(x) dx 
(4) Sieh = += | Gi—rairs 


for an experimentally given function F(z). The same pro- 
cedure leads to an expression for f(r) as follows: 


1 


oe N+1 
S (re) = — 2 Be,n( Pati— Fa-1) = — “= 4 : Cr,nF xn. 


Error analysis is done for only one specific example. The 
function 


f(r)=1-r? (srs }), 
= 1-1) ($7 }), 
= 0 (l sr < o@) 


is given and the corresponding functions Q(z) and F(z) 
computed explicitly. Then f(r) is determined by the 
method described above. The number of intervals is varied 
between WN =5 and N =20. The accuracy of Q(x) and F(x) 
is varied between 2 and 4 decimal places and the results 
for f(r) compared graphically with the exact solution. As 
is to be expected, the sensitivity of f(r) determined from 
(4) is much higher than by using (2). 

In case of very rough data for Q(z) and F(z) it is well 
worth considering a least-square approximation for these 
functions instead of piecewise linear replacement. 

For a different type of approximation see M. P. Freeman 
and §. Katz [#10197]. These authors approximate Q(z) 
by a sixth-degree polynomial in the least-square sense 
over [0, R] and integrate that function. 

H. Oser (Washington, D.C.) 


10197: 

Freeman, Mark P.; Katz, 8. Determination of the 
radial distribution of brightness in a cylindrical luminous 
medium with self-absorption. J. Opt. Soc. Amer. 50 
(1960), 826-830. 

In the study of the radial distribution of brightness 
around cylindrical objects one hits upon an integral 
equation of abelian type for the relation between the 
radial brightness distribution and the measured (integral) 
brightness. 

Unlike O. H. Nestor and H. N. Olsen [see #10196] the 
present authors solve the integral equation 


Rk @ 
(1) F(z) = 2[) Geen 


not by using the formal solution 


ld (® F@ede 
ar dr J, (x?—r2)? 


(2) G(x) = — 
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but instead by approximating the measured data F(z) 
by a sixth-degree least-square polynomial in x?: F(x) = 
Ya-o F™(R?—2*)", which, after introducing into (2), 
yields an expansion for G(r) as follows : 
G(r) = $ G(R? — 72)'-1/2 
i=0 

with GM = FOL + )/[T(4) +4) (=, 1, 2, ---, 6). 

The method is shown to give reasonable agreement 
with a set of experimentally found data but no attempt is 
made to establish any error bounds. 


H. Oser (Washington, D.C.) 


10198: 

Wilf, Herbert 8. Numerical integration of the 
equation with no angular truncation. J. Mathematical 
Phys. 1 (1960), 225-230. 

Following an idea of Bethe, Tonks and Hurwitz [Phys. 
Rev. (2) 80 (1950), 11-19; MR 12, 714] the plane, mono- 
energetic transport equation with ‘“‘polynomial’’ scattering 
kernel in a slab is reduced to a finite system of Fredholm 
equations for both vacuum and periodic boundary con- 
ditions. An explicit numerical procedure, accounting for 
the singularities of the kernels, is suggested for approxi- 
mating the Neumann iterates of this system. 

H. B. Keller (New York) 


10199: 

Reutter, F. Geometrische Darstellung der Weier- 
strassschen §-Funktion. Z. Angew. Math. Mech. 41 
(1961), 54-65. (English and Russian summaries) 

The author refers to his previous paper in same Z. 40 
(1960), 75-93 [MR 22 45137], in which it was shown that 
w=In[(z; g2, 9s) —ex]J=u+iv, where z=x+iy and ge, 
gs arbitrary real invariants, is representable by an align- 
ment chart. In determining the scale equation it is found 
that the scales for x and y are conic sections, and the scale 
for z is a straight line. The conic section belonging to given 
values of gz and gs, and the graduating (scale) factor, are 
determined with the help of a set of Neil parabolas. Also 
are shown nomograms for determining (2; ge, gs) from 
In[@(z; g2, gs) — 2). 

D. Mazkewitsch (Cincinnati, Ohio) 


10200: 

Vil‘ner, I. A. Problems of interpretation 
of functions of a complex variable and the Cauchy prob- 
lem. Issledovaniya po sovremennym problemam teorii 
funkcii kompleksnogo peremennogo, pp. 371-401. Gosu- 
darstv. Izdat. Fiz.-Mat. Lit., Moscow, 1960. (Russian) 

In this paper the author presents a summary of his 
previous results published elsewhere and further research 
on the following topics : (a) On the solution of the problem 
of general anamorphosis in two and n-dimensional space ; 
(b) Real interpretation of nomograms in projective planes 
of a set of complex numbers and of algebras of double and 
dual Clifford numbers; (c) Nomographic synthesis of 
mechanisms for real nomograms of functions of complex 
variables and their nets; (d) Nomographing of partial 
differential equations and nomographing in the small. 

S. Kulik (Long Beach, Calif.) 


10201: 
Warmus, Mieczyslaw. Sur l’évaluation des tables de 
logarithmes, et tables des logarithmes naturels 4 36 


1748 











10202-10203 


décimales. Trav. Soc. Sci. Lett. Wroclaw Ser. B No. 52 
(1954). Patistwowe Wydawnictwo Naukowe, Wroclaw, 
1954. 94 pp. (including separately bound tables in both 
French and Russian) zi 18.80. 

L’ouvrage comprend deux parties: une notice de 25 
pages en frangais sur la construction et l’emploi des tables 
de logarithmes & un grand nombre de décimales; des 
tables dont l’explication est donnée en frangais et en 
russe pour le calcul des logarithmes népériens (et des 
antilogarithmes) 4 36 décimales par factorisation. 

Il y a cing tables principales : 


Log 10% N 1(1)50 38 décimales, 
Log N N entre let 10 (255 valeurs) 

38 décimales, 
Log (1+10-4p) p 1(1) 99 38 décimales, 
Log (1+10-*p) p 1(1) 99 38 décimales, 
Log(1+10-%) p 1(1)999 38 décimales. 


J. Kuntzmann (Grenoble) 


10202: 

Olver, F. W. J. (Editor). %Bessel functions. Part III: 
Zeros and associated values. Royal Society Mathematical 
Tables, Vol. 7. Prepared under the direction of the 
Bessel Functions Panel of the Mathematical Tables 
Committee. Cambridge University Press, New York, 
1960. Ix+79 pp. $9.50. 

This volume is the third of the series, started by the 
British Association Mathematical Tables Committee with 
its Bessel functions. Part I. Functions of orders zero and 
unity [1937] and continued, under Royal Society auspices, 
with Bessel functions. Part II. Functions of positive 
integer order (Bickley, Comrie, Miller, Sadler and Thomp- 
son, editors, Univ. Press, Cambridge, 1952; MR 14, 410]. 
Part IV, Fundamental tables of Bessel functions, is a 
promise for the future. 

Apart from the usefulness of the tables, these books 
make fascinating reading for the professional computer 
and numerical analyst. The present volume is an out- 
standing example, the computation of zeros being a task 
more formidable than that of the functions. New methods 
and new formulae have been developed, and “‘the publica- 
tion of this volume gives an opportunity for a critical 
assessment of such methods in relation to all trans- 
cendental functions defined by linear differential equa- 
tions’’. 

The methods include the use of McMahon’s asymptotic 
series, for which more terms were added by Bickley and 
Miller, and inverse interpolation from previously tabulated 
function values. The “gap” for moderate arguments, 
which increases with order, was covered by methods 
mainly due to Olver including (i) the solution of non- 
linear third-order differential equations to provide simul- 
taneously the zeros of J, and Y,, and of J,’ and Y,’, 
(ii) the numerical solution in the n-direction of an integro- 
differential equation, which led to the development of 
new asymptotic expansions for functions and zeros in 
descending powers of n*/8, (iii) the finding of more power- 
ful uniform asymptotic expansions in terms of Airey 
functions, which work equally well throughout the range 
0<2z3 00, which include all previous expansions, and 
which can be reverted to produce expansions for the zeros 
and associated quantities. Finally Wilkinson used the 
DEUCE computer at NPL, starting with four-decimal 
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approximations to the zeros and using simple methods 
such as direct evaluation of the functions followed by 
Lagrangian inverse interpolation, to compute to fifteen 
decimals almost all the entries in the tables in about 12} 
hours. Full details of the methods and formulae are given 
in the introduction, together with examples of the applica- 
tion of the formulae, the use of the tables, methods of 
checking the entries and the proof-reading of the printed 
pages, a comparison with previous tables and a biblio- 
graphy. 

The three main tables are as follows, where 
jn,s and Yn,, are the sth zeros of J»(x) and Y»(zx) respect- 
ively, with obvious notation for the zeros of the deriva- 
tives, and a, ,, b,,, are the respective zeros of the deriva- 
tives of the spherical functions jm(x) = 4/ (m/2x)J m+1/2(2), 
Ym(x) = +/ (7/22) ¥ m+ij2(x) : 


Table I. ngs Yas» TalGna)» YalYna)s for 8=1(1)50, 
n = 0(})20}; 
Table IT. juss Yn, J nlin,s)> Y(Yp,2)> for s= 1(1)50, 
n=0(})20}; 
Table TIT. a), ,, Binss jm(Gn,s)> Ym(Ome), for s = 1(1)50, 
m = 0(1)20, 


All entries are to 8 decimals, and the last figure has an 
error not exceeding 0.55 units. Interpolation in either 
direction is possible in most regions other than small 
n and s, but no aids are provided. 

Table IV gives coefficients for use with the asymptotic 
expansions involving Airey functions, and Table V gives 
the required zeros and associated values of the Airey 
functions themselves. With these aids the main tables can 
be extended, with little difficulty, in the ranges 20 <n < 00, 
lssso. . 

This beautiful volume is dedicated to the memory of 
J. R. Airey, himself an expert analyst and table-maker. 
He will doubtless utter the posthumous prayer that the 
impressive achievements of electronic calculation, using 
relatively simple methods, will not completely blunt the 
enthusiasm of mathematical analysts for the search for 
new “involved” methods, with their mathematical 
importance so well demonstrated here. JL. Fox (Oxford) 


10203: 

Nelson, C. W. New tables of Howland’s and related 
integrals. Math. Comp. 15 (1961), 12-18. 

This paper gives values of the integrals 


[2(k’)}-2 { wke-/(sinh w + w) dw 


as follows: 
9 dec, A = 0, +indenom. k = 1(1)36 
—indenom. k = 3(1)36 
A= 1, +indenom. k = 1(1)30 
—indenom. k = 3(1)30 
18 dec, A= 0 +indenom. k = 2(2)66 
—indenom. k = 4(2)66 


In each case the final value is equal to the limit as ko. 
Also given are values of [2(k’)]-! fo® z**+*-1/sinh* 2 dz to 
18 dec. for k = 2, n = 1(1)40, and of fo® J 1(px)/(sinh x +x)dx 
to 6 dec. for p=0(1)5. 

J.C. P. Miller (Cambridge, England) 
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COMPUTING MACHINES 
See also 9999, 10148, 10161, 10460, 10579, 10580, 10702. 


10204: 

Samelson, K. Der Stand des digitalen Maschinen- 
rechnens (insbesondere in den westlichen Lindern). Wiss. 
Z. Hochschule Elektrotechn. Ilmenau 6 (1960), 1-5. 
(Russian, English and French summaries, unbound 
insert 

Th author reports on recent developments in electronic 
computing, namely, as follows. On the technical side: 
The large-core memories which are now also available for 
smaller computers, the trend to replace tubes by the more 
reliable transistors; the new types of in- and out-put 
equipment such as fast printers and devices for i 
printed information. In computer logics: Machines which 
look ahead in the program in order to bridge the com- 
paratively long waiting time with useful preparatory 
work for the next operations; machines which allow 
“time sharing”. In computer programming: The trend 
from programming aids like “symbolic addresses’’ to more 
elaborate programming systems and finally to algorithmic 
languages like ALGOL, which allow to write “programs” 
nearly in mathematical notation. 

H. Rutishauser (Ziirich) 


10205 : 

Berkeley, Edmund C.; Lovett, Linda L. Glossary of 
terms in computers and data processing. 5th ed. of the 
“Computers and Automation” glossary. Berkeley Enter- 
prises, Inc., Newtonville, Mass., 1960. vi+90 pp. 

3.95. 

: According to the preface, over 870 terms are included, 
relating to hardware and programming. One finds ACM, 
IRE, ORSA, and NMAA, with full names and addresses 
of main offices, but neither ATEE nor NJCC; Fortran, but 
neither Algol nor Cobol; IBM and Rem. Rand (presum- 
ably because abbreviations), but neither RCA, CDC, GE, 
nor any of a number of others one might name. The names 
of particular machines are not listed, although ENIAC 
and SEAC are given as examples of the use of “-AC”’. 

In a field so rapidly expanding, completeness is out of 
the question, and usage is often so varied, the lexico- 
grapher may be hard put to reach a decision. But as his 
purpose is to facilitate communication by presenting 
uniformity, it is certainly his privilege, if not his duty, 
to take an enlightened stand, especially in sharpening 
distinctions that are useful but not always clearly made. 
For example, a clear distinction between coding and pro- 
gramming should be made, but this Glossary goes along 
with the all too prevalent practice of treating them as 
almost synonymous. 

Occasional definitions are quite vague. For example, an 
index register could be almost any register at all by the 
definition given here. The term “inherited error’’ (not a 
common or necessary one, incidentally) is inconsistently 
defined as “The error in the initial values, especially the 
error accumulated from the previous steps in a step-by- 
step integration.” The error in the initial values is one 
thing (why not call it “initial error” ?), that which arises 
in the steps of the computation is something else {this 
reviewer prefers the term “generated error’’}, and 
may carry through, augmenting or diminishing through 
subsequent steps and appear as something still different 
in the final result ; and besides, why stop with integration ? 
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These remarks are not intended to be carping. The 
task is not easy, and these points are relatively minor 
ones. The senior author is well known and well acquainted 
in the computing field, and the glossary should be useful 
to veterans as well as raw recruits. 

A. 8. Householder (Oak Ridge, Tenn.) 


10206 : 

Scott, Norman R. Analog and digital computer 
technology. McGraw-Hill Series in Information Pro- 
cessing and Computers. McGraw-Hill Book Co., Inc., 
New York-Toronto-London, 1960. xi+522 pp. $12.75. 

“This book is an outgrowth of a course that has been 
presented at the University of Michigan since 1952. The 
course and the book are intended for beginning graduate 
students in electrical engineering or for seniors who have 
completed programs in mathematics and in electronics.” 

The author presents material from several fields, which 
include the use and design of analog computers and the 
use and design of digital computers. 

After a brief introductory chapter, the author treats 
the theory of the electronic differential analyzer, its 
component parts, the method of interconnecting such 
parts and the transformations that can be introduced by 
simple electrical networks. A further chapter is devoted 
to the generation of arbitrary functions of one or more 
variables, especially when the latter are represented by 
voltages or mechanical displacements. Attention is given 
to the design of computing amplifiers and to the stability 
of analog computers in general. 

A chapter on the general concepts used in digital com- 
puters is followed by one on solving problems on the 
digital computer, with explanations of the fundamentals 
of programming and of automatic programming wherein 
a computer helps to generate its own program. 

Chapters on number systems, number codes, and logic 
for control, switching and arithmetic operations treat 
error-checking and correcting codes, Boolean algebra, 
minimization of logical expressions and the application of 
these ideas to switching circuits and computer control and 
arithmetic units. 

“Electronic circuits for logic” discusses the kinds of 
circuit elements that can be used to represent the basic 
logical functions, and some of the limitations inherent in 
this representation. Some design consideration for flip- 
flops are noted. 

A final chapter on Storage in the digital computer deals 
principally with magnetic storage elements, including 
cores and moving magnetic materials on tapes or drums. 

Extensive bibliographies are given for each chapter, and 
exercise problems are included. The book includes a great 
deal of information on both analog and digital computers, 
in compact and usable form. 

G. R. Stibitz (Cambridge, Vt.) 


10207: 

Gold, Bernard. Machine recognition of hand-sent 
Morse code. IRE Trans. IT-5 (1959), 17-24. 

This paper describes a special-purpose digital computer 
for decoding hand-sent Movse code messages. The com- 
puter (MAUDE = Morse AUtomatic DEcoder) is claimed 
to be 90 to 95 percent successful. A successful decoding is 
defined as an output which can be easily read by a person 
familiar with the language transmitted. 

K. 8. Miller (New York) 
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10208: ) 

Harper, 8.D. Automatic parallel processing. Comput. 
Data Process. Soc. Canada (Conference, Toronto, 1960), 
pp. 321-331. 

This paper is essentially an introduction to the Honey- 
well 800 computer system. As such, the paper is extremely 
well written. The author concisely depicts the need for the 
development of computer systems, from the early systems 
with unbuffered input-output devices to the latest ones 
with provision for parallel-program operation. He then 
makes a clear distinction between the 800 system (which 
automatically rotates program operation after each 
execution of an instruction) and those systems which 
require a “super program” for on-line scheduling and 
control. The good qualities of the 800’s operation are 
clearly shown, but no proof is given of its superiority. The 
principle of operation is of interest and does provide 
apparent advantages. 

C. W. Uskavitch (Lexington, Mass.) 


10209 : 

Arai, Katuhiko. On the generation of prime numbers 
using the Eratosthenes’ sieve by the MUSASINO-1. Rev. 
Elec. Comm. Lab. 8 (1960), 189-193. 

A program using the well-known method (cf. D. H. 
Lehmar, J. C. P. Miller) is described. 

C. B. Haselgrove (Manchester) 


10210: 

Lasser, Daniel J. Topological ordering of a list of 
randomly-numbered elements of a network. Comm. 
ACM 4 (1961), 167-168. 

The networks in question are those arising from priority 
assignments of work “activities” in a development project. 
They may be described as follows: all lines are directed, 
there is a set of points (inlets) for each of which all lines 
are directed “away”, and a set of points (outlets) for each 
of which all lines are directed “towards’’, and all directed 
paths (from inlets to outlets) are without cycles. The 
author gives in outline a computer program apparently 
intended to translate a list of network lines (ordered pairs 
of arbitrarily numbered points) into a list of network 
paths. J. Riordan (New York) 


10211: 

Swift, Charles J. Compiling connectives. Comm. ACM 
3 (1960), 345-346. 

The uuthor describes a method of translating certain 
statements into other statements equivalent to them in 
such a way that these equivalent statements can be pro- 
grammed onto the Honeywell 800 computer (Document 
DSI-27A, Minneapolis-Honeywell, DATAmatic Division). 

A. Rose (Nottingham) 


10212: 

Comét, Stig. Improved methods to calculate the 
characters of the symmetric group. Math. Comp. 14 
(1960), 104-117. 

This paper describes a method used for machine calcu- 
lation of all the characters of the symmetric group Sy 
of degree N, where N was limited only by the word length 
of the BESK computer used, and by the machine time 
available. For example, the complete table for N = 20 took 
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about 51 hours of calculation time, and the 
character value for N=30 was the 16 decimal digit 
number 1,863,423,281,260,160 for the partition (8.6.5.4. 
3.2.12). To the character y* of Sy corresponds the partition 
p=(ri, f2, +: -, fm) of N, which is coded as a binary digit 
sequence R of at least m 0’s and r; 1’s such that rz 1’s 
follow the kth 0. (0’s may be added or dropped from the 
right or 1’s from the left of R without changing p.) From 
R is obtained the complementary sequence F by replacing 
0’s by 1’s and 1’s by 0’s. Reversing the order of digits in 
R produces the sequence R that corresponds to the 
associated partitions f. The 0’s and 1’s in the so-called rim 
R correspond to vertical and horizontal steps in the rim 
of the Young diagram of p. This diagram of p contains a 
k-hook with corner in row i, if the ith 0 in R is followed k 
digits later by a 1, and the interchange of this 0 and 1 in 
R yields the sequence corresponding to the Young diagram 
obtained from p by removing this k-hook from the rim. 
The machine identifies such hooks by examining 1’s in 
the logical product H;=R0(2*R). A calculation of the 
characters is described, based on using the M 
recursion formula, and removing kg-hooks one at a time 
that correspond to k,-cycles in the class x, until a class 
l¢ remains. Details of the program are given, together 
with improvements. A study is made of the 
binary notation for the rim. 

J. 8. Frame (E. Lansing, Mich.) 


10213: 

Collins, George E. A method for overlapping and 
erasure of lists. Comm. ACM 3 (1960), 655-657. 

A method for handling overlapping lists in list-structure 
computation which permits erasure is proposed. It involvés 
using a word to indicate the number of references at each 
place where two lists come together. {The reviewer dis- 
agrees with the contention in the paper that the method is 
more efficient than the reviewer’s method of abandon- 
ment. Our argument is that the number of registers saved 
by not using reference counts is enough to keep the 
abandonment method from inefficiency. Moreover, there 
is a substantial advantage in not having to program 
erasure explicitly.} J. McCarthy (Cambridge, Mass.) 


10214: 
Bellman, Richard; Brock, Paul. On the concepts of a 
and problem-solving. Amer. Math. Monthly 67 
(1960), 119-134. 

From the authors’ introduction: “Now that over- 
whelming evidence of the effectiveness of these machines 
has accumulated, it is essential that serious and prolonged 
thought be devoted to the optimal utilization of current 
computers and to the future development of computers. 
It is clear that the field of mathematics is vitally affected 
by these new developments. It is worthwhile, then, to 
subject to critical analysis the concept of a solution—the 
primary objective of a mathematical theory—and, in 
addition, the even more fundamental concept of a prob- 
lem. 

“In this paper, we wish in an informal fashion to dis- 
cuss these matters. Our aim is to examine the role of the 
mathematician in providing a path from problem to 
solution. To do this, we shall discuss some of the different 
kinds of mathematical difficulties, the various ways in 
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which computers can be used to resolve these difficulties, 
and a number of quite simply stated questions that give 
rise to these difficulties.” 

P.C. Gilmore (Yorktown Heights, N.Y.) 


10215: 
Ardouin, P. G.; Lapierre, G. A compiler for solving 
of linear differential equations. Comput. Data 
Process. Soc. Canada (Conference, Toronto, 1960), pp. 
276-298. 

The authors describe a very useful special purpose 
compiler for the DATATRON 205. While their application 
of the compiler is the writing of programs for the solution 
of systems of linear differential equations arising in 
analysis of aircraft dynamics, there is no obvious reason 
why a more extended use of it could not be made. Quoting 
from the specifications, the compiler is “able to provide 
a program for the solution of any system of linear, second- 
order, simultaneous differential equations presented in 
the matrix form : 


Ag+ Bg+Cq+D = 0, 


where A, B, and C are square matrices of constants but 
with the possibility of changing some of the terms during 
the course of the problem. D is a forcing vector which 
accepts single functions of time for its terms... able to 
accept a certain number of points of discontinuity... . 
The program should also be able to search for maxima 
or zeros of one or many of the functions or variables and 
use these as criteria to determine points of discontinuity 


Perhaps the most interesting feature of the compiler is 
that, from a rough description of the input (i.e., are the 
elements of the various matrices constants or not, what 
arbitrary points of discontinuity are to be introduced, 
etc.), not only is a machine program produced, but a 
print-out results which specifies the input format for all 
needed data. Thus, from a given problem description, the 
compiler not only generates the proper machine code but 
also determines in which form the problem input data is 
to be presented to the machine. The only possible point 
of disagreement is whether this compiler is in fact a com- 
piler, as the term is commonly understood. Maybe calling 
it a program generator might be more appropriate. The 
input of the generating program is not a set of source 
statements, such as for FORTRAN, ALTAC, or other 
compilers, but rather an encoded check-off type of input, 


with interspersed keywords. +% ' m) 
. Z. Denes (Argonne, Ill. 


10216: 
Pe sap G. M. Programmed error correction on a 
decimal computer. Comm. ACM 4 (1961), 174-175. 


10217: 

Gellman, H. 8. Programming for business systems. 
Comput. Data Process, Soc. Canada (Conference, Toronto, 
1960), pp. 257-264. 

This is a general discussion of the problems of pro- 
gramming business data The first 


processing 
srobieun peeiduhed te the balhdiig of & progmeaming tall 
with emphasis on the need for a competent staff. Since the 


ability of the programming staff is limited by the “soft- 
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ware” available, various types of coding tools are given. 
The tools range from machine language and symbolic 
programming through FORTRAN and COBOL. Mention 
is made of the development of new techniques for use in 
describing procedures independent of process and of 
sequence. This article is a good general discussion of 
problem areas in programming. 

K. R. Wright (Santa Monica, Calif.) 


10218: 

Nather, R. E. On the of subscripted 
variables. Comm. ACM 4 (1961), 169-171. 

10219: 


Zaripov, R. H. An algorithmic description of a 
of musical composition. Dokl. Akad. Nauk SSSR 132 
(1960), 1283-1286 (Russian) ; translated as Soviet Physics. 
Dokl. 5, 479-482. 

The time signature of the proposed tune (3/4 or 4/4) is 
fed to the machine. Rhythmical figures and note sequences 
are then constructed using a random number source. The 
sequences are conditioned to obey certain laws of com- 
position, e.g., (a) ternary form (ABA), (b) phrases ending 
in the triad sequence, (c) prohibition of sequences of wide 
intervals (5ths and 6ths), (d) not more than six notes in 
any ascending or descending sequence, (e) composition 
range +2} octaves, (f) syncopation only possible by 
manual control, and (g) criterion for the desirability of 
small melodic intervals to ensure smooth melodic figure. 

The programme is given in schematic form and is stated 
to occupy 2/3 of the storage of URAL. Composition time 
is 2-2.5 minutes. 

An example of a machine composition is given. The 
general techniques are very similar to those used in the 
U.S.A. and in England for the same objective. 

A. D. Booth (London) 


10220: 
Patrick, Robert L. A start at automatic 
i t. Comm. ACM 3 (1960), 321-322. 

A calculation on a computer may be regarded as the 
evaluation of a series of functions, each function having a 
set of input parameters and output results. It is proposed 
that tables be set up showing the sequence in which these 
parameters are required and the sequence in which the 
results are produced at each step. These tables can then 
be used as aids for automatic storage assi t and 
program segmentation. C. C. Gotlieb (Toronto) 


10221: 

Raymond, Francois H. Quelques remarques sur l’in- 
tégration du mouvement autour du centre de gravité dans 
un simulateur. Ann. Assoc. Internat. Calcul Anal. 2 
(1960), 181-189, 

This paper is a general study of analogue methods for 
solving the full (six degrees of freedom) equations of 
motion of a flying machine. Detailed consideration is 
given. to analogue methods of transforming from Cartesian 
to Eulerian coordinates and conversely ; in particular, the 
author discusses a device of introducing a suitably 
defined fourth coordinate (an intermediate frame of 


1747 





10222-10229 





reference with only one varying Eulerian coordinate) to 
avoid the singularity of the transformation. 
J. G. L. Michel (Teddington) 


10222: 

Thomason, J.G. An introduction to analogue computer 
methods. Comput. J. 3 (1960/61), 211-219. 

The author discusses the nature of modern electronic 
analogue computers, their advantages, and some applica- 
tions, including such unusual fields as economics and 
operations research. Current developments in apparatus 
are briefly reviewed and there is a bibliography of fifty 
references. J. G. L. Michel (Teddington) 


10223: 

Rao, J. V. Ranga. Solution of simultaneous differential 
equations using analog computers. J. Sci. Engrg. Res. 2 
(1958), 215-220. 

The paper discusses the solution of a system of three 
simultaneous second-order linear differential equations, 
representing a pulse-forming network, on an electronic 
analogue computer. J. G. L. Michel (Teddington) 


10224: 

Cutrona, L. J.; Leith, E. N.; Palermo, C. J.; Porcello, 
L. J. Optical data processing and filtering systems. 
IRE Trans. IT-6 (1960), 386-400. 

The paper considers optical analog techniques for the 
evaluation of integrals of the type : 


ad fbi) 
I(z0, yo) = i = fle, yge—20, y—yo) dxdy. 


An analysis, based upon Abbe theory, shows that 
coherent systems have the properties that they: (1) are 
inherently two-dimensional (common to most optical 
systems) ; (2) inherently generate successive Fourier trans- 
form pairs; (3) give independent control over phase and 
amplitude ; (4) provide simple facilities for multiplication 
using simple imaging processes. 

Numerous systems are described and some two-dimen- 
sional results are presented. 

A criticism of the paper is that no mention is made of 
the extensive early work in this field, particularly in the 
field of X-ray diffraction calculations. 

A. D. Booth (London) 


10225: 

Gaede, K. W.; Mannshardt, R. Verwendungsmiglich- 
keiten der Sprungfunktion in Rechenschal fiir 
elektronische i hinen. Math.-Tech.- 
Wirtschaft 7 (1960), 154-157. 

In an electronic differential analyser it is possible to 
construct “switches” with the aid of a non-linear element 
generating a step-function : f(z) =0 (x <0), f(z) =1 (x>0). 

This paper considers the construction of logical switches 
with the aid of such elements, and their application to 
generating functions with a saltus, the solution of differ- 
ential equations with a discrete change in form depending 
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upon values of variable(s) in the problem, etc. The 
principles are not new, and the techniques have frequently 
been employed in simulating non-linear effects in servo- 
mechanisms, such as Coulomb friction, back-lash. 

J. G. L. Michel (Teddington) 


10226: 

Rogers, A. E.; Connolly, T. W. Analog computation 
in engineering design. With contributions by W. Brunner, 
R. R. Favreau, and T. D. Truitt. McGraw-Hill Series in 
Information Processing and Computers. McGraw-Hill 
Book Co., Inc., New York-Toronto-London, 1960. x+ 
450 pp. $16.00. 

The emphasis of this book is on the application rather 
than on the design, operation or theory of the analog 
computer. Nevertheless, about one-third of the book is 
devoted to a description of general-purpose analog com- 
puters (essentially block diagrams) and linear analysis 
(essentially ordinary linear differential equations with 
constant coefficients). The next third of the text con- 
siders (in more detail than is usual in books of this type) 
certain techniques applicable to the solution of partial 
differential equations, algebraic equations and the treat- 
ment of non-linearities. The very useful adjoint technique 
is presented in practical terms. Very little space is devoted 
to a discussion of noise problems. The inclusion of a well- 
tested problem preparation procedure should prove a 
useful guide to anyone interested in actually solving 
problems on an analog computer. 

Applications to a wide variety of industrial problems 
(servo design, chemical processes, nuclear-reactor engin- 
eering, aircraft and missile performance, gas dynamics, 
electrical design problems) occupy the last third of the 
book. Also included are some of the details and difficulties 
likely to be encountered in the simulation. This portion 
of the text should prove useful as a brief source of typical 
problems that can be solved on an analog computer. 

K. 8. Miller (New York) 


10227: 

Mohanti, H. B. Application of Electronic Differential 
Analyser to a guided missile. Proc. Sympos. Mech. Real 
Fluids (Kharagpur, 1958). J. Sci. Engrg. Res. 3 (1959), 
409-420. 


10228 : 
Duquenne, René; Aguesse, Marie Odile. Calcul des 
coefficients aérodynamiques instationnaires par analogie 


rhéoélectrique. Rech. Aéro. No. 81 (1961), 3-10. 
10229: 
Hialg, Walter. Signalfluss und Analogiedarstellung der 


Neutronendkonomie beim Abbrand von Reaktorbrenn- 
stoffen. Z. Angew. Math. Phys. 11 (1960), 433-444. 
(English summary) 

A somewhat degenerate system of coupled linear first- 
order differential equations is investigated by means of 
an analog computer. The system results from the often- 
solved problem of finding the concentration of heavy 
nuclei in a reactor as a function of time. The main point is 
the establishment of a rather conventional flow diagram 
of the computer. R. R. Coveyou (Oak Ridge, Tenn.) 
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10230: 

Henaff, J.; Le Mezec, J. Etude des canons & électrons 
& Paide de calculateurs rhéographique et analogique. 
Onde Elec. 41 (1961), 36-53. 


MECHANICS OF PARTICLES AND SYSTEMS 
See also A9672, 10744, 10747, 10752, 10753. 


10231: 

Ferrandon, Jean. Cours de mécanique. Ecole 
Nationale Supérieure des Télécommunications. Editions 
Eyrolles, Paris, 1961. xv+370 pp. 46.00 NF. 

This book is a useful survey of a large part of classical 
mechanics, and contains some good examples. Beginning 
with kinematics of rigid bodies, it proceeds through 
Lagrange’s equations, variational principles, gyroscopic 
actions, stability, vibrations, deformable bodies, thermo- 
dynamic results, elasticity theory, elastic waves, fluid 
mechanics, compressible flow, viscosity and turbulence. 
The material is succinctly presented, but the notation is 
not always easy and some of the explanations and figures 
(e.g., Euler’s angles on p. 8) may not be easy for a beginner 
to follow. The reviewer’s feeling is that it is better for a 
beginning student in mechanics to cover less material 
more thoroughly. C. E. Pearson (Cambridge, Mass.) 


10232: 

Blaschke, Wilhelm. »%Kinematik und Quaternionen. 
Mathematische Monographien, 4. VEB Deutscher Verlag 
der Wissenschaften, Berlin, 1960. viii+84 pp. DM 
20.40. 

Dieses Biichlein zeigt folgende Komposition : die ersten 
drei Kapitel sind der sphirischen, die noch folgenden drei 
der allgemeinen raéumlichen Kinematik gewidmet. In 
beiden Fallen wird erst das analytische Apparat entwickelt, 
wihrend dann bezugsweise die zwangsliufige und die 
flichenléufige Bewegungsvorgiinge behandelt werden. Fir 
die sphirische Kinematik werden Quaternionen, fiir die 
allgemeine Bewegung duale Quaternionen verwendet. 

Manche klassische Sitze und Abbildungen werden in 
eleganter Weise zuriickgefunden und die Knappe und 
einheitliche Darstellung gibt Anlass zu einer grossen 
Menge von Resultaten auf wenig Seiten. Aber auch neue 
Entwicklungen begegnet man, namentlich in den Kapi- 
teln iiber flichenlaéufige Bewegungen und iiberdies Aus- 
blicke und ungeléste Fragen. Es eriibrigt sich hier einen 
Inhaltsiibersicht zu geben ; nennen wir nur beispielsweise 
die Abbildung der Drehungen auf die Punkte des ellip- 
tischen Raumes, den Satz von Stephanes iiber drei 
Rechtskreuze mit gemeinsamen Ursprung, Integralsitze 
der Kinematik, die Invariante fiir drei windschiefe 
Drehungsachsen, drei benachbarte Lagen einer Gerade, 
die Bahnkongruenzen bei flichenliufige Bewegungs- 
vorgange. 

Eine Monografie in guten Blaschkeschen Stil. 

O. Bottema (Delft) 


10233 : 

Miller, Hans Robert. Zur kinematischen Abbildung 
flichenlaiufiger im Euklidischen Raum. 
Arch. Math. 11 (1960), 383-391. 
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Verf. gibt ein Erweiterung der Kinematischen Abbil- 
dung von Griinwald und Blaschke; eine Bewegung des 
dreidimensionalen Raumes, wird mittels Biquaternionen 
auf einen dualen Punkt des elliptischen Raumes Se 
abgebildet. Punktmannigfaltigkeiten in S_ sind dann 
Bewegungsvorginge in S; zugeordnet. Verf. betrachtet 
z.B. die Bianchischen “abwichelbaren Flichen” in Sz, 
d.h. solche die im kleinen lingentreu auf die Euklidische 
Ebene abbildbar. Die in 8; damit tibereinstimmenden 
flichenlatifige Bewegungsvorgiinge sind die folgende: Im 
Rastraum und im Gangraum sind die Regelflichen Rand 
R' angenommes ; A! bewegt so dass sie R beriihrt in den 
jeweiligen Striktionspunkten der zugeordneten Erzeu- 
genden. O. Bottema (Delft) 


10234: 

Bereis, R. Uber Geradenhiillbahnen einer Konchoiden- 
bewegung. Z. Angew. Math. Mech. 41 (1961), 18-25. 
(English and Russian summaries) 

Eine Konchoidenbewegung ist eine zwangslaiifige ebene 
Bewegung wobei eine Gerade der Gangebene durch einen 
festen Punkt der Rastebene gleitet. Fiir die Unter- 
suchung wird die sogenannte Netzprojektion benutzt : die 
Punkte des Raumes werden auf eine Ebene Z projektiert 
wobei die Projektionsstrahlen die Tangenten einer Schrau- 
bung sind mit der Achse senkrecht auf Z. Eine Fliche im 
Raume wird durch den (“Scheinbaren”) Netzumriss 
abgebildet. Fiir einen lotrechten Zylinder mit Basis- 
Kurve C ist dieser eine Fusspunktkurve von C. Mit Hilfe 
dieser Begriffe zeigt Verf.: bei einer Konchoidenbewegung 
ist die Hiillbahn einer Geraden der Gangebene eine 
Parallelkurve der negativen Fusspunktkurve der Bahn 
eines Punktes der . Als Beispiele werden 
die Kurbelschleife und der Schleifschieber niher 
betrachtet. O. Bottema (Delft) 


10235: 

Mangeron, D.; Dragan, Corneliu. Application of the 
reduced accelerations theory for analyzing motion pro- 
perties of spatial mechanisms. Bul. Inst. Politehn. Iasi 
(N.S.) 5(9) (1959), no. 3-4, 255-264. (Romanian. 
Russian and English summaries) 

In former papers [e.g., same Bul. 2 (6) (1956), 295-304 ; 
MR 18, 428] the authors have made use of the so-called 
“reduced” acceleration. They give here theorems on the 
acceleration of any order for points of a rigid body and 
add various constructions as applications of the theory. 

O. Bottema (Delft) 


10236: 

Meyer zur Capellen, W. Die Fourierreihe fiir den 
Schleifenwinkel der zentrischen Kurbelschleife und ver- 
wandte Fourierreihen. Bul. Inst. Politehn. Iagi (N.S.) 5 
(9) (1959), no. 1-2, 311-320. (Russian and Romanian 
summaries) 

Die harmonische Analyse bei der Kurbelschleife fiihrt 
auf eine einfache Fourierreihe fiir den Schleifenwinkel. 
Verf. leitet das von ihm herriithrende Resultat noch einmal 
ab und betrachtet verwandte Reihen, die ebenfalls fiir 
getriebliche Untersuchungen herangezogen werden kénnen. 

O. Bottema (Delft) 


10237: 
Artobolevskii, I. I. Class of connecting-rod curves. 
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Dokl. Akad. Nauk SSSR 132 (1960), 82-84 (Russian) ; 
translated as Soviet Physics. Dokl. 5, 519-521. 

On the curves which are the envelopes of a straight line 
in the coupler plane of a four-bar linkage. Parametric 
equations for such a curve and a point-by-point con- 
struction are given. O. Bottema (Delft) 


10238 : 

Wagner, Richard. Ein Verfolgungsproblem. Monatsh. 
Math. 64 (1960), 305-313. 

Auf einer Kreislinie liuft ein Punkt A mit fester 
Geschwindigkeit ; ein zweiter Punkt B bewegt sich mit 
der selben Geschwindigkeit immer in Richtung auf A zu. 
Gibt es Anfangslagen so dass A durch B eingeholt wird? 
Verf. diskutiert die Differentialgleichungen der relativen 
Bewegung von B im bezug auf A und list die Aufgabe 
indem er eine Kurve bestimmt die der geometrische Ort 
der zulassigen Anfangspunkte ist. O. Bottema (Delft) 


10239 : 

Freudenstein, Ferdinand; Sandor, George N. On the 
Burmester points of a plane. J. Appl. Mech. 28 (1961), 
41-49. 

If in plane kinematics five positions are considered, there 
are in general four points (real or imaginary) in the fixed 
plane such that each is the center of a circle through the 
five positions of a point of the moving plane. Much is 
known about these Burmester points in the special case 
of five infinitesimally separated positions. The authors 
develop a method to determine them for the general con- 
figuration, which they assume to be given by six relative 
poles, namely Pi2, Ps, Pas, Psa, Pas, Pas. By a geometri- 
cal reasoning and making use of complex numbers they 
derive a rather complicated equation of the fifth degree, 
four of whose roots correspond to the points asked for. 
Some special cases are discussed in detail. A computer 
program is developed so that the points can be found in 
all cases in an efficient manner. Applications are given to 
show the value of the method for mechanism synthesis. 

O. Bottema (Delft) 


10240: 
Meyer zur Capellen, Walther. Die Harmonischen der 
Rotationsenergie bei der Schubkurbel und verwandte 
Fourier-Reihen. Z. Angew. Math. Phys. 11 (1960), 207- 
218. (English summary) 

Die harmonische Analyse fiir die Bewegung der Schub- 
kurbel ist bekanntlich eine schwierige Aufgabe. Fir die 
Rotationsenergie des Koppelgliedes, aber die ja dem 
Quadrat der Winkelgeschwindigkeit proportional ist, 
findet Verf. einfache und elegante Entwicklungen. 

O. Bottema (Delft) 


10241: 

Schreiner, Adolf. Netze von Asymptotenlinien, die 
sich kinematisch erzeugen lassen. Arch. Math. 11 (1960), 
392-400. 


Wenn eine Flaiche F durch Bewegung einer starren 
Kurve K wird, dann hat man auf F ein “kine- 
matisches Netz’’, bestehend aus der Schar der k 
ten Kurven und der Schar der Punktbahnen. Verf. 
untersucht die Flichen wobei die Asymptotenlinien ein 
kinematisches Netz bilden. Es zeigt sich dass K dann eine 
Gerade sein muss; F ist eine Treppenfliche (dh. eine 
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Regelfliche deren Erzeugende zu einer Ebene 
sind) konstanter Schrinkung. Die beiden Achsenfliche der 
erzeugenden Bewegung sind Zylinder. 

O. Bottema (Delft) 


10242: 

Ferrari, Italo. Su un 
anolonomo riducibile alle quadrature. 
Univ. Modena 8 (1958/59), 54-66. 

Der Verfasser betrachtet die Bewegung eines zwei- 
radrigen Karrens, der nur der Schwerkraft unterliegt, auf 
einer schiefen Ebene und findet, daB die Bahn des Schwer- 
punktes sowohl von der konstanten Winkelgeschwindig- 
keit der Rader (beziiglich des Karrenschwerpunktes) als 
auch von der Anfangsgeschwindigkeit des Schwerpunktes 
abhingt. Diese Bahnkurve, die vom Verfasser explizit 
berechnet wird, kann Schleifen mit oder ohne Spitzen 
oder nur Spitzen haben; insbesondere kann sie in eine 
Zykloide ausarten. Der Verfasser behandelt den Karren 
als System von 5 Freiheitsgraden und stellt die Bewegungs- 
gleichungen auf, aus denen er durch einfache Umfor- 
mungen und Integration die Parameterdarstellung der 
Schwerpunktsbahn berechnet; als Parameter erscheint 
der Winkel zur Vertikalen der Karrenachse. Eine ausfiihr- 


‘st — 
Atti Sem. Mat. Fis. 


liche Rechnung betrifft die genannten Eigenschaften 
dieser Bahnkurve. R. Reissig (Berlin) 
10243 : 


Kirgetov, V. I. On the relaxation of material systems. 
Prikl. Mat. Meh. 24 (1960), 39-46 (Russian) ; translated as 
J. Appl. Math. Mech. 24, 48-58. 

In the paper under review the author studies from a 
qualitative point of view the problem of relaxation of a 
material system, i.e., the removal of the constraints to 
which the system is subjected. First a sufficiently broad 
qualitative definition of the concept of the relaxation of a 
system is given. Then a corresponding minimum theorem 
(generalized Gauss’ principle) is proved. Finally from the 
above definition the mathematical algorithm of relaxation 
is derived. E. Leimanis (Vancouver, B.C.) 


10244: 

Pastori, Maria. Vincoli e riferimenti mobili in mec- 
canica analitica. Ann. Mat. Pura Appl. (4) 50 (1960), 
475-484. 

Consider the motion of a holonomic system of n degrees 
of freedom ; for example, the motion of N particles in a 
Euclidean space of 3N dimensions. If the system is subject 
to scleronomic constraints, then the representative point 
of the system moves in a fixed Riemannian manifold V, 
of n dimensions (configuration space of the system) 
immersed in the above Euclidean space. 

Passing to the geometrical interpretation of a holo- 
nomic system subject to rheonomic constraints the author 
discusses at some leng.h the following two cases. The case 
where V,, moving and deforming, generates in the above 
Euclidean space a manifold V,.; (kinematic continuum 
of the configurations) of n+1 dimensions, and the case 
where the kinematic continuum reduces to the con- 
figuration space. 

Both cases are compared with that of time independent 
(scleronomic) constraints. 

E. Leimanis (Vancouver, B.C.) 











» der 
elft,) 


wei- 


slizit 


ifor- 
der 
eint 


rlin) 


sd as 
m a 
of a 
Ss to 
of a 
rem 
. the 
‘tion 
3.C.) 


point 
tem ) 


nolo- 
thor 


bove 
uum 


con- 
dent 
B.C.) 








MECHANICS OF PARTICLES AND SYSTEMS 


10245: 

Tatarkiewicz, K. Remarks on forces dependent on 
higher derivatives of a path with respect to time. Wiadom. 
Mat. (2) 2, 298-306 (1959). (Polish) 

The author considers the problem whether the assump- 
tion that the forces in particle dynamics depend on higher 
(than the first) derivatives of the path contradicts the- 
postulates of Newtonian mechanics. A criticism of a 
theorem of Przeborski is given and examples of such 
motions which in the author’s opinion agree with Newton’s 
laws, are presented. No final conclusion is reached. 

H. Zorski (Warsaw) 


10246: 

Bickley, W. G.; Talbot, A. %An introduction to the 
theory of vibrating systems. Clarendon Press, Oxford, 
1961. xiv+238 pp. 30s.; $4.80. 

This gives an elementary account of simple vibrating 
systems with special reference to systems with several 
degrees of freedom and to the use of approximate methods 
for the estimation of natural frequencies. Analogies 
between mathematical and electrical oscillating systems 
are stressed and there are chapters on wave propagation 
and acoustic waves in particular. The final chapter gives 
an elementary introduction to non-linear vibrating 


systems. G. Temple (Oxford) 
10247: 
Falk, 8S. Klassifikation gediimpfter Schwingungs- 


systeme und Eingrenzung ihrer Eigenwerte. Ing.-Arch. 
29 (1960), 436-444. 
The study of the motion of a linear damped system of 
n degrees of freedom reduces to the determinantal 
equation det[AA? + BA +C]=0, whose roots furnish normal 
modes proportional to e*. The matrices A, B, and C are 
hermitian, and A is positive definite. The author observes 
that the roots must lie among the roots of the equation 
\2?+BA+y=0 where B and y are real numbers varying 
between the minima and maxima of the Rayleigh quotients 
9 Bn/n' An and »’'Cn/n'An. This allows him to obtain 
sufficient conditions for the non-occurrence of certain 
motions, in particular of unstable motions. 
H. F. Weinberger (Minneapolis, Minn.) 


10248: 

Magiros, Demetrios G. A method for defining principal 
modes of nonlinear infinite determinants. 
Proc. Nat. Acad. Sci. U.S.A. 46 (1960), 1608-1611. 

Infinite trigonometric series are substituted into a non- 
linear differential equation system corresponding to a 
two-degrees-of-freedom mechanical system. The resulting 
difference equation is non-linear and involves a doubly 
infinite series, which is approximated, without justifica- 
tion, by a finite sum. An infinite determinant generated 
by the finite difference equation is written down 
and it is asserted that the “principal frequency’ of the 
system can be determined from this. This statement may 
be true in some cases, but is certainly false in certain 
resonance conditions when the neglected terms are 
important. 

The author clearly states that the results are limited to 
the case in which the motion of the system may be 
described in terms of a single frequency and its harmonics. 
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However, the behavior of a two-degrees-of-freedom system 
must generally be described in terms of two fundamental 
frequencies, generally incommensurable. The non-linearity 
of the system prevents superposition. 

E. Pinney (Berkeley, Calif.) 


10249: 

Panteleev, V. L. On the theory of the motion of a 
physical pendulum aboard ship. Vestnik Moskov. Univ. 
Ser. Mat. Meh. Astr. Fiz. Him. 1959, no. 4, 41-53. (Rus- 
sian) 

The author treats the solution of the equations of 
motion of a symmetrical physical pendulum using the 
perturbation theory and introducing a Cardan couple of 
two pendulums, one of them being fictional, which is 
supposed to be the cause of perturbations, having the 
same period and moving in the same plane as the observed 
unperturbed physical pendulum. A retrospective view of 
the deficiencies of the Brown-Jeffrey method of solution, 
which gives in the second approximation the secular 
members of the form ¢ cos and ¢ sing shows that, in 
general, the development in series cannot give the solu- 
tion for each value of t. The author solves a special prob- 
lem of motion, neglecting the rotation of the hinge, by 
the method given by Bogolyubov [N. N. Bogolyubov and 
Yu. A. Mitropol’skii, Asimptotiéeskie metody v teorii 
nelineinyh kolebanit, Gosudarstv. Izdat. Tehn.-Teor. Lit., 
Moscow, 1955; 2nd ed. 1958; MR 17, 368; 20 #6812), 
obtaining the instantaneous frequency and the rate of 
change of the amplitude of the fictional pendulum with 
necessary accuracy. T. P. Andelié (Belgrade) 


10250: 

Grammel, Richard. Ein Problem des 
unsymmetrischen Kreisels. Ann. Mat. Pura Appl. (4) 
50 (1960), 187-196. (Italian summary) 

Der Verfasser hat bereits in einigen friiheren Arbeiten 
das Verhalten des selbsterregten unsymmetrischen Kreisels 
untersucht und dabei sowohl fiir konstante als auch fiir 
veranderliche kérperfeste Momentvektoren mit bekannter 
Zeitabhangigkeit eine allgemeine Lésung ben. In 
der vorliegenden Arbeit wird ein Sonderfall betrachtet : 
Es werden die Momente bestimmt, die den Drehvektor 
nicht aus den beiden kérperfesten Polebenen der Separa- 
trizen der Poinsot-Bewegung heraustreten lassen. Es wird 
gezeigt, daB der Momentenvektor dann ebenfalls in einer 
von den Polebenen verschiedenen kérperfesten Ebene 
liegen mu8. Obwohl die Bestimmung der Bewegungen auf 
die Lésung einer hochgradig nichtlinearen Differential- 
gleichung zweiter Ordnung herauslauft, gelingt es doch, 
wesentliche Eigenschaften schon aus den Polkurven 
abzulesen. Fiir einige Fiille sind diese Polkurven aus- 
gerechnet und diskutiert worden. In entsprechender 
Weise kann auch der Fall eines vom Drehvektor abhin- 
gigen Momentenvektors erledigt werden. Jedoch wird das 


nur angedeutet. K. Magnus (Stuttgart) 


10251: 

Tondl, A. The stability of motion of a rotor with 
unsymmetrical shaft on an elastically supported mass 
foundation. Ing.-Arch. 29 (1960), 410-418. 

With a view toward a study of rotors mounted on 
elastic foundations, the author considers a disk mounted 
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on a massless shaft in turn mounted on a rigid base 
supported by springs. To this sytem, he applies Lagrange’s 
equations of motion and obtains angular velocity domains 
in which instability results. This is done with and without 
damping of the supporting springs. 

B. Bernstein (Washington, D.C.) 


10252: 

Minorsky, N. Theoretical aspects of nonlinear oscilla- 
tions. IRE Trans. CT-7 (1960), 368-381. 

This paper is a survey of the theory of nonlinear 
oscillations which, as the author points out, is a field of 
importance today in the theory of automatic control 
systems, econometrics, biology, astronomy, atomic theory, 
circuit theory, etc. Along with van der Pol the author was 
a pioneer in this field. He and Lefschetz were largely 
responsible for bringing the Russian work to the attention 
of mathematicians and scientists in the Western world. 
The author has always had, as this paper again demon- 
strates, a great feeling for the physical interpretation of 
the mathematical theory. After a brief survey of topo- 
logical aspects of the problem he discusses analytic 
methods for nearly linear problems: the method of 
Poincaré, the method of van der Pol and of Krylov- 
Bogolyubov, and his stroboscopic method. The latter three 
are methods of averaging and today are contained in and 
justified by the Krylov-Bogolyubov-Mitropol’skii theory 
[Bogolyubov and Mitropol’skii, Asimptotiéeskie metody v 
teorii nelineinyh kolebanii, Gosudarstv. Izdat. Tehn.-Teor. 
Lit., Moscow, 1955; MR 17, 368]. The principal nonlinear 
phenomena—parametric excitation, subharmonic reson- 
ance, synchronization and asynchronous actions—are 
discussed. Specific examples illustrate the phenomena and 
the application of the method of averaging. Piece-wise 
linear problems are mentioned and a brief outline is given 
of the point-transformation method. 

J. P. LaSalle (Baltimore, Md.) 


10253 : 

Gutowski, Roman. On a certain method of integrating 
the equation of non-linear vibration of a system with one 
degree of freedom. Proc. Vibration Problems No. 5 
(1960), 81-104. (Polish and Russian summaries) 

This paper is concerned with investigating under what 
conditions the nonlinear differential equation <=¢4(z, 2, t) 
may be integrated by quadratures. A general criterion 
that must be satisfied by the equation in order for it to 
be integrated by quadratures is deduced. The method of 
analysis is to represent the original equation in the form 
of two first order equations of the form #=wu(z, y, t) and 
y=v(z, y,t). It is then demonstrated that the original 
equation may be integrated by quadratures provided the 
functions u and v satisfy modified Cauchy-Riemann con- 
ditions. The general procedure is used to integrate special 
cases. L. A. Pipes (Los Angeles, Calif.) 


10254: 

Sawaragi, Yoshikazu; Tokumaru, Hidekatsu. Exact 
periodic solutions for the forced oscillations of a symmetric 
nonlinear system with “set-up springs”. Mem. Fac. 
Engrg. Kyoto Univ. 23 (1961), 1-21. 

The authors study 


(d®x/dr®) + u2a + F(x) = Po sin (Ar+ 9), 
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where F(x)= + Fo if x20 and F(x)= — Fo if x <0 where 
u, Po, AFo, p are real and positive, A integral. The equa- 
tions which determine the boundaries of regions within 
which existence and/or stability occur are studied by 
analytic means (inequalities are obtained relating the 
parameters) and numerical analysis (graphs are drawn). 

S. P. Diliberto (Berkeley, Calif.) 


10255: 

Braunbek, Werner; Sauter, Elmar. Schwebungen 
schwach gekoppelter nichtlinearer Systeme. Z. Physik 
160 (1960), 233-246. (English summary) 

Solutions of the system of equations 


#1, +.w12a1 + 91213 = pixe, 
£o+ we2xe+ nore? = peti 


are studied by the Kryloff-Bogoljuboff approximation 
method under the assumptions that w; and w are approxi- 
mately equal, and that 7; and 72, measuring the non- 
linearity, and p; and p2, measuring the coupling, are 
small. The method leads to calculations which can be 
carried through explicitly. However, because of the large 
number of cases that arise, detailed discussions are limited 
to some of the more special situations. Some of the results 
are compared with so-called exact solutions of the original 
differential equations, given by a digital computer. The 
agreement is in general good, showing that the Kryloff- 
Bogoljuboff method gives reliable results in cases in which 
the basic assumptions are satisfied. 

L. A. MacColl (New York) 


10256: 

Moléanov, A. M. Subdivision of motions and asymp- 
totic methods in the of nonlinear oscillations. 
Dokl. Akad. Nauk SSSR 136 (1961), 1030-1033 (Russian) ; 
translated as Soviet Math. Dokl. 2, 162-165. 

Consider an autonomous vector system (1) u’=U(u) 
(‘=d/dt), and a perturbed system (2) u’=U(u)+ V(u), 
where V(u)= V(e, uw) has an asymptotic expansion ¢V;(u) 
+e*V2(u)+---. Let u(w,t) denote that solution of (1) 
with u(w, 0)=w, where w is a constant vector. The author 
writes the solution of (2) in the form u=u(w, t), but with 
w now regarded as a function of t. This implies a differ- 
ential equation for w, w’= W/(w, t), in general nonauto- 
nomous. If it is autonomous, it takes the form (3) w’= 
V(w), and in this case the system (2) is said to admit 
subdivision of motions. A necessary and sufficient con- 
dition that (2) admit subdivision of motions is that 
(4) (@V/du)U —(éU/du)V =0, where 2U/éu is the Jacobian 
matrix of the components of U with to the com- 
ponents of u, and similarly for 2V/2u. When (4) holds, to 
solve (2), one solves (1) and (3) and then substitutes the 
solution of (3) in place of the initial condition in the 
solution of (1), i.e., w= u(w(t), #). 

The author considers the problem of transforming 4 
general system (2) to a form admitting subdivision of 
motions by a nonlinear change of variable from u to y, 
where y = u+ eQ1(u) + e?Q2(u) + ---. The determination of 
the Q,(u) involves solving a decomposition problem for a 
vector analogous to resolving a given vector into com- 
ponents parallel to and perpendicular to a given direction. 
The author specializes to some cases of practical interest, 
and shows how to find the Q, explicitly. 
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The author mentions the relationship between his 
results and the results having to do with slowly varying 
in the book by Bogolyubov and Mitropol’skil, 
Asimptotiéeskie metody v teorii nelineinyh kolebanii [Gosu- 
darstv. Izdat. Fiz.-Mat. Lit., Moscow, 1958 ; MR 20 #6812}. 
The w in equation (3) plays the role of a slowly varying 

parameter in the case of subdivision of motions. 
W. 8. Loud (Minneapolis, Minn.) 


of a projectile in the 
atmosphere. I, Il. Euclides (Groningen) 35 (1959/60), 
145-154, 283-295. (Dutch) 

Historical exposition. 
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See also 10145, 10198, 10452, 10533, 10805. 


10258 : 

Andrade e Silva, Joao; Fer, Francis; Leruste, Philippe; 
Lochak, Quantification, stationnarité et non- 
linéarité. C. R. ‘Acad. Sci. Paris 251 (1960), 2305-2307. 

Les auteurs se proposent de discuter la structure 
générale du phénoméne de quantification. Ils considérent 
un phénoméne décrit par une fonction f(t) du temps. Si 
f(t) n’est pas aléatoire, et si on peut la représenter par une 
intégrale de Fourier-Stieltjes classique, seule la com- 
posante discontinue de la fonction spectrale fournit une 
composante stationnaire pour f(t). L’idée d’un ensemble 
dénombrable de fréquences équivaut alors 4 celle de 
stationnarité. Si f(t) est aléatoire et stationnaire d’ordre 2, 
les phénoménes représentés sont plus complexes. La 
stationnarité est liée & la non-corrélation des accroisse- 
ments de la fonction spectrale aléatoire. Enfin, dans de 
nombreux phénoménes physiques (rayonnement noir, 
mécanique ondulatoire) dont l’explication exige a la fois 
la quantification des fréquences et la détermination 
relative des amplitudes, il est indispensable de compléter 
les équations de base linéaires par des conditions non 
linéaires. J. Bass (Paris) 


10259: 
Russell V. Classical cluster integral theory of 
fluids in external fields. Phys. Fluids 4 (1961), 580-586. 
This work contains a systematical generalization of the 
known results of classical statistical mechanics to cover 
non-uniform systems in equilibrium, viz., fluids in an 
external field. General cluster expansions are given for 
the one-particle and the two-particle distribution functions 
of such fluids. An integral equation is derived for the 
potential of average force. The derivation is based on 
topological arguments similar to those of J. M. J. Van 
Leeuwen, J. Groenveld and J. de Boer [Physica 25 (1959), 
792-808; MR 22 #1146]. As an illustration, the treat- 
ment of a classical electron gas is briefly described. 
Explicit formulas are derived for the grand partition 
function, the electrical susceptibility and the equation 
of state of such a gas, within the “ring approximation”, 
and up to second order in the external field. 
R. Balescu (Brussels) 
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10260 : 
Salmon, J. Etude générale du retour 4 |’équilibre d’une 


particule au sein d’un (formalisme de Fokker- 
Planck). J. Phys. Radium 21 (1960), 699-707. (English 
summary) 

Author’s “The author examines the problem 


of the return to pe A of a particle in a plasma and 
completely explains Fokker-Planck equation. After that, 
he studies the possibility of interpreting the return of the 
test particle to Maxwellian distribution, using the develop- 
ment which is obtained. He discusses the validity limits of 
the Rosenbluth, MacDonald and Judd approximation.” 


10261 : 

Cernikov, N. A. Relativistic kinetic equation and the 
equilibrium state of a gas in a static, y symmetric 
gravitational field. Dokl. Akad. Nauk SSSR 133 (1960), 
333-336 (Russian) ; translated as Soviet Physics. Dokl. 5 
(1961), 786-789. 

On établit une équation cinétique relativiste pour une 
particule d’un gaz placé dans un champ gravitationnel a 
symétrie sphérique, compte tenu des phénoménes de 
collision ; la méthode utilisée permet de prendre en con- 
sidération les particules dont la masse au repos est nulle. 
La fonction de distribution correspondant a |’équilibre du 
gaz dans le champ considéré est obtenue. 

J. Naze (Marseille) 


10262: 

van Kampen, N. G. The Fokker-Planck equation. 
Nederl. Tijdschr. Natuurk. 26 (1960), 225-238. (Dutch) 

Macroscopic measurements measure average quan- 
tities, e.g., average density, average pressure, etc. If we 
refine our observations, fluctuations around the average 
are usually observed. Under certain conditions the 
temporal behavior of these fluctuations can be described 
by the so-called Fokker-Planck equation. The review 
article is a clear introduction to the theory of this equa- 
tion. First the author derives this equation; then he 
illustrates its use by applying it to the following physical 
problems: diffusion, the motion of a heavy particle in a 
gas of light particles (Rayleigh’s problem), the motion of 
heavy particle in a liquid (Brownian motion); for these 
examples the Fokker-Planck equation has constant co- 
efficients. Next the author treats the Fokker-Planck 
equation for a certain class of coefficients which has impor- 
tant applications in many different physical problems. 
Finally a discussion is given concerning the validity of 
the approximations inherent in the Fokker-Planck 
equation. N. L. Balazs (Princeton, N.J.) 


10263: 

Wu, Ching-Sheng. The effect of the orientations of 
electric and magnetic fields on the electron mean energy 
and drift velocity in a partially ionized gas. Proc. Roy. 
Soc. London. Ser. A 259 (1960/61), 518-530. 

The Boltzmann equation is solved for a partially ionized 
gas in the presence of an electric field Z and a magnetic 
field B, which are both constant in space and time. The 
approximations used are: (a) only collisions between 
electrons and neutral atoms are considered (Lorentz 





model); (b) the neutrals have a Maxwell distribution ; 
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(c) a solution is sought in the form 
f =fO+E-vof +(BE)-of® + B(B- £)-of®, 
where f are functions of the magnitudes of v, F and B. 
In other words, one solves for the first two terms of an 

expansion in spherical harmonics. 

An exact formal solution can be found within this 
model. More explicit results are given for the following 
two special cases. (A) Constant mean free path, Z| B. In 
this case an interesting formula for the mean kinetic 
energy can be derived in terms of Whittaker functions. 
(B) Constant collision frequency, arbitrary orientations of 
E and B. In this case the author gives simple expressions 
for the conductivity tensor and the kinetic temperature 
in the stationary state. R. Balescu (Brussels) 


10264: 

Green, Melville S. On the theory of the critical point of 
a simple fluid. J. Chem. Phys. 33 (1960), 1403-1409. 

Employing the recently derived integral equation for 
the pair-distribution function (obtained by summation of 
infinite subclasses of terms in the Mayer density expansion 
for the pair-distribution function), the author exhibits 
certain suggestive reasons for the possible failure of the 
fundamental assumption of the Ornstein-Zernicke theory 
about the behavior of the direct correlation function at 
the critical point. H. L. Frisch (Murray Hill, N.J.) 


10265: 

Legler, Werner. Die Statistik der Elektronenlawinen 
in elektronegativen Gasen, bei hohen Feldstirken und bei 
grosser Gasverstarkung. Z. Naturforschg. 16a (1961), 
253-261. (English summary) 

Author’s summary: “The statistical distribution of the 
carrier number of single-electron avalanches in a Townsend 
discharge is described by v(n)=1/n-exp(—n/n) if one 
introduces some simplifying assumptions. These assump- 
tions are violated in the case of electronegative gases, in 
strong electric fields, and in the case of large gas-amplifica- 
tion. In electronegative gases only a part of the primary 
electrons form observable electron avalanches. These are 
still subject to an exponential distribution but with an 
increased mean value. In strong electric fields the ioniza- 
tion probability depends on the previous history of the 
individual electrons. This leads to a distribution with a 
marked maximum and a reduced dispersion. In a first 
approximation the form of the distribution is determined 
by the quotient Z/a: U;. In the case of large gas-ampli- 
fication the further development of the avalanche is 
influenced by the space charge and one gets a modified 
exponential distribution. The calculated distributions 
agree well with the experiments of other authors.”’ 


10266 : 

Wojtowicz, Peter J.; Kirkwood, John G. Contribution 
of lattice vibrations to the order-disorder transformation in 
alloys. J. Chem. Phys. 33 (1960), 1299-1310. 

Authors’ summary: “The lattice vibrational partition 
function for a binary crystal is constructed from the 
normal mode frequencies in the classical nearest-neighbor 
harmonic approximation. The set of frequencies is com- 
puted as a function of the short-range order parameter by 
the use of the Born-von Karman analysis and second- 
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order perturbation theory. The resulting form of the 
lattice vibrational partition function closely resembles 
that of the static configurational partition function so 
that a re-examination of the statistical thermodynamics, 
including lattice vibrational effects, proves to be straight- 
forward. The derived thermodynamic qualities are com- 
pared with experiment for the case of f-brass. The 
theoretical heat capacity discontinuity as calculated by 
the method of Bethe and Kirkwood is increased from 
1.7R to 6.1R by the inclusion of the lattice vibrational 
contribution. The agreement with the experimental value 
of about 5R is now satisfactory.” 

S. Sherman (Detroit, Mich.) 


10267: 

Kruseman Aretz, F. E. J.; Cohen, E.G. D. A theory of 
order-disorder phenomena. I, II. Physica 26 (1960), 
967—980, 981-996. 

Authors’ abstract: “A moment method due to Kirk- 
wood for the computation of the occupation probabilities 
of a pair of nearest neighbour sites in an order-disorder 
system is generalized in a systematic way to larger 
figures of sites in the lattice. In this paper the general 
theory is given and formal expressions for the moments 
are derived. 

“On the basis of a moment method developed in a 
previous paper, several well-known approximation 
methods: the method of Guggenheim and McGlashan, 
Yang and Li, and of Kikuchi-Hijmans-De Boer, are 
rederived by restriction to the first moment. 

“Furthermore, using the second- and third-moment, 
explicit expressions for the semi-invariants A2g:” and A3;" 
are given for the case that the interaction is restricted to 
pairs of nearest neighbours.” 8S. Sherman (Detroit, Mich.) 


10268 : 

Megaw, Helen D. Order and disorder. I. Theory of 
stacking faults and diffraction maxima. Proc. Roy. Soc. 
London. Ser. A 259 (1960/61), 59-78. 

The author considers the effect of the occurrence of a 
certain kind of lattice disorder, the so-called i 
fault, on the diffraction pattern of X-rays scattered by 

. She treats the two extreme cases that the dis- 
tribution of stacking faults is perfectly regular or perfectly 
random. She concludes that in the first case new sharp 
peaks occur in the diffraction pattern, while in the second 
case the effect is to introduce peaks in roughly the same 
positions as for a perfect crystal having the same average 
period, but the peaks will be broader and the intensities 
lower. For intermediate distributions of stacking faults, 
the effect on the diffraction pattern will be intermediate 
between the two extremes. 


H. A. Hawptman (Washington, D.C.) 


10269: 

Megaw, Helen D. Order and disorder. II. Theory of 
diffraction effects in the intermediate plagioclase felspars. 
Proc. Roy. Soc. London. Ser. A 259 (1960/61), 159-183. 

The author uses the results of part I [#10268] of this 
series of papers to explain quantitatively the diffraction 
effects in certain intermediate plagioclase felspars. It is 
found that the unit cell consists of eighteen sub-cells. 
The nature of the stacking fault system is also revealed. 


A. Hawptman (Washington, D.C.) 
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10270: 
Megaw, Helen D. Order and disorder. III. The 
structure of the intermediate fi Proc. 


Roy. Soc. London. Ser. A 259 (1960/61), 184~202. 

The author employs the lattice and fault system deduced 
in part IT [#10269] of this series of papers to elucidate the 
details of the structure of the intermediate plagioclase 
felspars. She traces the whole series of structures from 
z=0 to about z=7/9, where z is a parameter which 
measures the relative proportions of the different atoms 
present in the structure, and shows the relationship 
between the “low-temperature” (annealed) felspars and 
the “high-temperature” (effectively quenched) felspars. 

H. A. Hauptman (Washington, D.C.) 


10271: 

Dean, P.; Martin, J. L. A method for determining the 
frequency spectra of disordered lattices in two-dimensions. 
Proc. Roy. Soc. London. Ser. A 259 (1960/61), 409-418. 

The central problem of the dynamics of a lattice is the 
finding of the spectrum of the eigenvalues of its ““dynami- 
cal matrix’. For a two-dimensional lattice of atoms of 
irregular mass arranged in a rectangular lattice of Ni by 
Ne sites and coupled to their neighbors by irregular 
forces, the dynamical matrix has 2N,N 2 rows and columns ; 
but it can be partitioned into N2? square submatrices of 
2N, rows each, such that only 3N2—2 of the submatrices 
contain elements other than zero, and such that the sub- 
matrices with nonzero elements occur only along the main 
diagonal and the two next adjacent diagonals of the 
partitioned matrix. The authors show that the eigenvalue 
spectrum of the dynamical matrix can be inferred from 
the eigenvalue spectra of N2 matrices calculable straight- 
forwardly from the submatrices; i.e., they reduce the 
problem of diagonalizing one square matrix with 2N,N: 
rows to that of diagonalizing N2 square matrices with 2N; 
rows. It should be noted that both N; and Nz are pre- 
sumed to be large numbers; indeed, one is primarily 
interested in the limit N; = N20. 

H. B. Rosenstock (Washington, D.C.) 


10272: 

Hori, Jun-ichi. On the vibration of disordered linear 
lattice. III. Progr. Theoret. Phys. 23 (1960), 475-489. 

[For part II see Progr. Theoret. Phys. 18 (1957), 367- 
374; MR 19, 1217.) Eigenfrequency spectrums of an 
isotopic two-component disordered lattice have been 
calculated approximately by a method which requires 
only a comparatively small amount of numerical work. 
An argument based on perturbation theory shows for- 
mally that the spectrum of a completely random lattice is 
the same as that of the virtual regular lattice composed 
of atoms with average mass, except at the edge and outside 
of the band. The author investigates how far this state- 
ment is valid and obtains the result that the smaller the 
concentration of lighter atoms, the larger the frequency 
domain in which the spectrum can be regarded as approxi- 
mately the same as that of the virtual lattice. 
Next, the spectrum in the neighborhood of the edge of the 
band is calculated, by applying the moment-trace method 
only to that region. 

R. E. Bellman (Santa Monica, Calif.) 


10273: 
Sherman, 8. 


4—a.n. 108 


Combinatorial aspects of the Ising model 
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for fi I. A conjecture of Feynman on 
paths and graphs. J. Mathematical Phys. 1 (1960), 202- 
217. 

The motivation behind this work was to correct some 
incorrect ts used by Kac and Ward in their com- 
binatorial solution of the two-dimensional Ising problem. 
The author reviews some recent unpublished contributions 
made by various people and proves a combinatorial 
formula conjectured by Feynman (unpublished). This 
formula deals with the number of closed paths on a graph 
and leads to a correct evaluation of the partition function 
for the Ising lattice. Other identities are derived that 
relate to some of the famous unsolved Ising problems 
including the three-dimensional case. 

G. F. Newell (Providence, R.I.) 


10274: 
Fisher, Michael E.; Sykes, M. F. Excluded-volume 
and the Ising model of ferromagnetism. Phys. 
Rev. (2) 114 (1959), 45-58. 

From the authors’ summary : “The relationship between 
the excluded-volume problem for a discrete random walk 
on a lattice and the corresponding Ising model of ferro- 
magnetism is investigated. Systematic methods are pre- 
sented for the construction of rigorous lower bounds to 
the limit p =limyg-o(Cn+1/¢n), where cy, is the number of 
n-step self-avoiding walks on a given lattice. In this way 
Temperley’s conjecture [Phys. Rev. (2) 103 (1956), 1-16; 
MR 17, 1168] that p=coth(J/kTc), where 7c is the 
Curie temperature of the corresponding Ising-model 
ferromagnet, is disproved. The series c, for various two- 
and three-dimensional lattices have been enumerated 
exactly for values of n from ten to twenty... .” 

S. Sherman (Detroit, Mich.) 


10275: 
Hammersley, J. M. Limiting of numbers of 
self-avoiding walks. Phys. Rev. (2) 118 (1960), 656 
In the paper reviewed above [#10274] it is claimed that 
Hammersley has proved that limn-.. Cn+1/Cn exists. In the 
current paper Hammersley denies the claim and actually 
gives a counterexample where the limit fails to exist. The 
counterexample is: “the lattice whose points have co- 
ordinates x= 0, +1, +2, --- on a straight line, and whose 
bonds are two-way bonds (i.e., bonds which may be 
traversed in either direction) between nearest neighbors 
x and x+1, there being either one or two such bonds 
as z is odd or even.” Here the ratio Cy+1/Cn 
equals 4/3 or 3/2 according as n is odd or even. 
S. Sherman (Detroit, Mich. ) 


10276: 
Choi, Sang-Il; Ross, John. Quantum corrections for 
coefficients. J. Chem. Phys. 33 (1960), 1324- 
1331. 

The equation of motion for two particles in quantum 
mechanics is expanded in powers of 4, and is solved up to 
first order. The quantum corrections to differential cross 
sections and to transport coefficients are evaluated, and 
the results are found to differ from those obtained by use 
of the WKB approximation. 

D. J. Thouless (Birmingham) 


10277 : 
Meghreblian, Robert V.; Holmes, David K. Reactor 
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10278-10280 


analysis. McGraw-Hill Series in Nuclear Engineering. 
McGraw-Hill Book Co., Inc., New York-Toronto-London, 
1960. ix+808 pp. $19.50. 

“The purpose of this advanced undergraduate and first- 
or second-year graduate text is to provide a complete 
and consistent mathematical development of what is 
commonly known as reactor analysis: the mathematical 
study of the nuclear behavior of reactors based upon 
certain approximate physical models.” This quotation 
from the dust-jacket of the book rather fairly describes 
both the intent and the achievement of the authors. It 
must be explained that “completeness” and “consistency” 
do not have the meanings usually assigned to them by 
pure mathematicians, but instead refer to the feelings 
and opinions of applied mathematicians that a problem 
is done and well done when the results express practical 
conviction rather than logical certainty. 

The first three chapters of the book are devoted to a 
brief, probably too brief, presentation of the most import- 
ant physical features of chain-reacting systems. Chapters 
4-7 are devoted to a detailed study of several mathe- 
matical models of nuclear reactors of increasing sophisti- 
cation and complexity: Slowing-down processes in the 
infinite medium; Diffusion theory: The homogeneous 
one-velocity reactor ; Fermi age theory : The homogeneous 
multi-velocity reactor ; Transport theory. 

What might be called part III of the book then attempts 
to apply the theory already developed to more compli- 
cated and realistic situations: Reflected reactors, reactor 
kinetics, heterogeneous reactors, control-pod theory; 
Hydrogeneous systems ; and Perturbation theory. 

One canaot, in such a complex and rapidly developing 
field, ask that such a book exhaust all the methods and 
devices used in reactor design; this book does not, even 
in 800 pages. But one can ask that the coverage of the 
field be broad enough that other methods, not directly 
treated, will not completely surprise the student who has 
studied the book. Whether this objective has been 
realized is, of course, a matter of individual opinion ; the 
present reviewer is inclined to the belief that it has. 

In summary, one can say that a better book covering 
this material at this level of sophistication could be 
written ; it has not yet been written. 

R. R. Coveyou (Oak Ridge, Tenn.) 


10278: 

Bellman, Richard; Kalaba, Robert. Transport theory 
and invariant imbedding. Proc. Sympos. Appl. Math., 
Vol. XI, pp. 206-218. American Mathematical Society, 
Providence, R.I., 1961. 

In this review paper the method of invariant imbedding, 
first enunciated by the authors in [Proc. Nat. Acad. Sci. 
U.S.A. 42 (1956), 629-632; MR 18, 705], is applied to 
several problems concerning neutron transport in a one- 
dimensional model. Time-independent flux equations of 
both the classical (Boltzmann) type and of the invariant 
imbedding type are formulated for single energy group and 
multigroup cases. Functional equations (Stokes relations) 
relating transmitted and reflected fluxes are derived and 
discussed. A one-group stochastic problem is also investi- 
gated, and some conjectures concerning properties of its 
solution are made. The paper concludes with the deriva- 
tion of invariant imbedding equations for a simple time- 
dependent model. Several of the results have appeared 
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elsewhere ; see R. Bellman, R. Kalaba, G. M. Wing [J. 
Math. Mech. 7 (1958), 149-162, 741-756; MR 20 #2046, 
6938]. G. M. Wing (Albuquerque, N.M.) 


10279: 

Brooks, Harvey. Temperature coefficients and stability. 
Proc. Sympos. Appl. Math., Vol. XI, pp. 289-308, 
American Mathematical Society, Providence, R.I., 1961. 

In this review of reactor dynamics, the author first 
makes a distinction between three general classes of 
problems: (1) Small-oscillations problems in which the 
complete kinetic equations can be linearized. (2) Large- 
oscillations problems in which the nonlinearity in the 
feedback part of the kinetic equations must be taken into 
account. (3) Extremely large excursions causing perma- 
nent changes of the reactor structure. In all these cases, 
the excess reactivity is considered as given by an integral 
of a function of the power level over the whole past 
history of the reactor. 

In the case of very large reactors, reactivity feedback 
through the power coefficients may result in a coupling 
of different modes. The author gives a general multimode 
analysis of stability problems. However, this analysis is 
carried out in detail only for the case in which the funda- 
mental mode is dominant, higher modes being handled by 
a perturbation method. A. Peres (Haifa) 


10280: 

Wigner, Eugene P. Mathematical problems of nuclear 
reactor . Proc. Sympos. Appl. Math., Vol. XI, 
pp. 89-104. American Mathematical Society, Providence, 
R.1., 1961. 

Author’s summary: “The unanswered mathematical 
questions of reactor theory can be divided roughly into 
two classes. The first class concerns the mathematical 
theory of the basic transport equations and of the approxi- 
mations thereto. Thus, the multiplication and criticality 
equations are characteristic-value equations but their 
operators do not belong to the class for which the char- 
acteristic-value theory is well established: they are not 
normal. Much progress was made recently concerning the 
character and properties of the highest characteristic 
value and the corresponding characteristic vector but the 
properties of the lower characteristic values and vectors 
are not known. In particular, the extent of a continuous 
spectrum and the completeness of the whole set of 
characteristic vectors are not established in general. A 
simple example is given in which the rt operator 
has a continuous spectrum which has not been recognized 
to date. The need for a generalization of the characteristic 
value problem is pointed out and such a generalization is 
proposed. 

“The second class of problems is concerned with methods 
for obtaining or at least discussing the solutions of the 
reactor equations. The coding of these equations for 
calculating machines belongs to this class. There are, how- 
ever, more subtle methods among which the transforma- 
tion of the reactor equations into a variational principle 
has proved, so far, the most effective. Again, this trans- 
formation has been carried out so far only for the most 
simple problems and it is not known whether all problems 
of reactor theory can be reformulated as variational 
problems. Some remarks are made on a reformulation of 
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diffusion theory which gives, at least in the cases con- 
sidered so far, much more accurate results than the 


conventional theory.” A. Peres (Haifa) 
10281: 
Fano, U.; Berger, M. J. tion of radiation. 


Proc. Sympos. Appl. Math., Vol. XI, pp. 43-57. 
Mathematical Society, Providence, R.I., 1961. 
A review of the analytic techniques available for the 
calculation of the penetration of nuclear radiations to 
large distances through an infinite homogeneous medium. 
This discussion is mainly limited to the so-called “moments 

method” and certain of its elaborations. 
R. R. Coveyou (Oak Ridge, Tenn.) 


American 


10282: 

Pignedoli, Antonio. Sulla determinazione della densita 
neutronica critica nella teoria matematica della pila 
atomica a fissione. Arch. Rational Mech. Anal. 7 (1961), 
105-118. 

The problem of the critical density of an atomic pile is 
formulated within the framework of a phenomenological 
diffusion theory. The main part of the paper is devoted to 
the determination of the eigenvalue of a diffusion equation 
with homogeneous boundary conditions. The stationary 
solution of this equation precisely yields the critical 
density of the pile. Besides the simple case of spherical 
symmetry, the problem of a moderator of cylindrical 
shape with elliptical cross-section is solved in terms of 
Agostinelli’s “functions of the epicycloidal cylinder’. The 
non-stationary problem is also briefly discussed. 

R. Balescu (Brussels) 


10283: 

Wing, G. Milton. Transport and s 
problems. Proc. Sympos. Appl. Math., Vol. XI, pp. 140—- 
150. American Mathematical Society, Providence, R.I., 
1961. 

This is an excellent paper which reviews current pro- 
gress and problems in the theory of time-dependent trans- 
port problems. First the author sketches the invariant 
imbedding method of Bellman, Kalaba, and Wing for the 
determination of transmitted and reflected fluxes, with 
special attention to criticality questions. This leads to an 
investigation of the equation 


Usg+ 2m, = f u(x, z)u(x, t—z) dz. 


Next he deals with transport in an infinite slab and con- 
siders the operator — u(@/dx) + 4c f-1+! du’c, and describes 
the startling result of Lehner and Wing that eigenfunction 
expansions are not possible. Lastly he describes recent 
work of K. Jérgens dealing with transport phenomena in 


bounded media. R. Kalaba (Santa Monica, Calif.) 
10284: 

Corno, 8S. E. The heterogeneous theory of cylindrical 
neutron multiplying structures. Nuovo Cimento (10) 17 
(1960), 580-698. (Italian 


summary) 
Author’s summary : “In this work the critical equation 
together with the stationary thermal neutron distribution 
is stated for a cylindrical neutron-multiplying structure. 
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10281-10287 





The fissionable material is assumed to be lumped into 
several blocks ; allowance is made for an arbitrary distri- 
bution of them in the system. The source-sink technique 
is used throughout, while the neutron migration is dealt 
with by age-diffusion or multigroup approximations. 
Leakage and non-leakage probabilities as a function of the 
neutron birth position are carefully computed. A method 
is worked out for the simultaneous evaluation of the 
criticality, together with the maxima and minima of any 
function of the critical mass itself. A. Peres (Haifa) 


10285 : 

Levin, J. J.; Nohel, J. A. Global asymptotic stability for 
nonlinear systems of differential equations and 
to reactor dynamics. Arch. Rational Mech. Anal. 5, 194— 
211 (1960). 

The authors consider the generalized Liénard equation 


(1) E+h(t, x, )t+f(x) = e(t) 


and prove that if (i) 0<kSA(t, z,z) for O<t<+0 and 
arbitrary 2, z, (ii) for any B>O there exists a constant 
Kzg>0 such that A(t, x, z)S Kz (OSt< +0, |x|, |z| < B), 
(iii) for any B>0 there exists a constant Kz >0 such that 
|f (x1) —f(x2)| Kx (|x1|, |z2| SB), (iv) af(x)>0 for #0 
and fo* f(€)dé+>co as |xz|->00, (v) |e(t)| is bounded and 
é€ L,(0, ©), then for any solution z(t) of (1) z(#)—0, 
&(t)—>0 as t->+ 00. They show by suitable examples that 
(i) cannot be replaced by A(t, x, z)>0 and (ii) cannot be 
dropped entirely. This theorem is closely related to the 
paper of H. A. Antosiewicz [J. London Math. Soc. 30 
(1955), 64-67; MR 16, 477]. Similar results are obtained 
by the reviewer [Ann. Polon. Math. 8 (1960), 65-69; 
MR 22 #3850]. 
Analogous theorems are given for the systems 


= — 2066 2 = —hilt, x, z)ze+ def (x) + ex(t), 
¥ = bof(x)+eo(t), 


—aoy — Pe 
& = —hi(t, x, y, z)ze+ bef (x) + ex(t), 


where z= (z1, - - -, Zn) and the a; and }; are constants. In the 
last section these theorems are applied to certain problems 
in reactor dynamics. Z. Opial (Krakéw) 


x 


10286: 

Levin, J. J. On the global asymptotic behavior of non- 
linear of differential equations. Arch. Rational 
Mech. Anal. 6, 65-74 (1960). 

The author considers the system (1) ¢=p(t, x,y), y= 
q(t, x, y), where x= (x1, ---, a), y=(y1, «+, Yn) and gives 
sufficient conditions under which all solutions of (1) tend 
to zero as t->+ 00. In particular, he improves the previous 
results concerning the generalized Liénard equation 
{Levin and Nohel, #10285]. For similar but less general 
results see a recent paper of the reviewer [Ann. Polon. 
Math. 8 (1960), 105-124; MR 22 #5781). 

Z. Opial (Krakéw) 


10287 : 
Blum, Lesser. On the transport equation in quantum 
mechanics. J. Phys. Soc. Japan 16 (1961), 616-620. 
Author’s summary: “By means of a time-dependent 
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10288-10296 


perturbation procedure similar to that developed by 
Prigogine, the transport equation for a particle in a Bose- 
Einstein medium is obtained. This equation shows also a 
non-local character.” 


10288 : 

Cohen, E. G. D. Theory of transport phenomena in 
gases. Nederl. Tijdschr. Natuurk. 26 (1960), 325-344. 
(Dutch) 

This is the first part of a survey of the transport theory 
of gases and deals with dilute gases. Different theories are 
classified in three categories: mean free path theories 
(Clausius, Maxwell, Jeans), Boltzmann equation theories 
(Chapman, Enskog, Hilbert, Boltzmann), and Liouville 
equation theories (Bogolyubov). The last class of theories 
is not discussed in this part as it is particularly suited for 
dense gases. The Chapman-Enskog theory is discussed in 


detail. D. ter Haar (Oxford) 
10289 : 
Cohen, E. G. D. of transport phenomena in 


gases. Nederl. Tijdschr. Natuurk. 26 (1960), 365-378. 
(Dutch) 

This is a continuation of an earlier paper [#10288] in 
which the transport theory of dense gases is 
The author first discusses Enskog’s treatment of a dense 
gas of hard spheres and after that Bogolyubov’s work on 
deriving a general transport theory of dense gases. 

D. ter Haar (Oxford) 


10290: 

Baym, Gordon; Mermin, N. David. Determination of 
thermodynamic Green’s functions. J. Mathematical Phys. 
2 (1961), 232-234. 

Authors’ abstract: “In the study of thermodynamic 
correlation functions or Green’s functions [P. C. Martin 
and J. Schwinger, Phys. Rev. (2) 115 (1959), 1342-1373; 
MR 22 #588], one is naturally led to a calculation of 
values of the Fourier transform of the Green’s function on 
a discrete set of points in the complex energy plane. It is 
shown that even though these points do not in general 
possess a limit point within the region of analyticity, one 
may still uniquely determine the Fourier transform of the 
Green’s function directly from its values at these points.” 

J. R. Klauder (Murray Hill, N.J.) 


10291: 

Percival, Ian C. Almost periodicity and the quantal H 
theorem. J. Mathematical Phys. 2 (1961), 235-239. 

It is shown that in a finite bounded system with no 
repulsive singularities stronger than r~* or attractive 
singularities stronger than r~! the entropy is an almost 
periodic function, and that the H-theorem applied to an 
ensemble of such systems is not valid. 

D. ter Haar (Oxford) 


10292: 

Tolmatev, V. V. The connection of the statistical 
variation principle with the method of partial summation 
of thermod, perturbation-theory diagrams in a 
modified formulation of the problem of nonideal Bose- 
Einstein Dokl. Akad. Nauk SSSR 134 (1960), 
1324-1327 (Russian) ; translated as Soviet Physics. Dokl. 
5 (1961), 984-988. 
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10293: 

Brillouin, Leon. Thermodynamics, statistics, and infor- 
mation. Amer. J. Phys. 29 (1961), 318-328. 

This is an elementary non-mathematical introduction 
to the ideas of thermodynamics and the theory of informa- 
tion. Written in a very lively style, it gives a good picture 
of the types of problems treated in these fields. 

R. Balescu (Brussels) 


10294: 

Stratonovit, R. L. Fluctuation thermodynamics of non- 
equilibrium processes. Z. Eksper. Teoret. Fiz. 39 (1960), 
1647-1659 (Russian. English summary); translated as 
Soviet Physics JETP 12 (1961), 1150-1158. 

By using operator techniques due to R. P. Feynman 
[Phys. Rev. (2) 84 (1951), 108-128; MR 13, 410] a relation 
is derived, connecting the two-dimensional characteristic 
function of equilibrium fluctuations and the one-dimen- 
sional characteristic function of a non-equilibrium process. 
This relation is used to generate various relations involving 
the moments of these characteristic functions. It is shown 
that the auto-correlation function does not tend to zero 
for long times; this means that the systems considered 
are not ergodic. The coefficient of non-ergodicity is shown 
to be finite in the limit of an infinite system. A set of 
reciprocity relations generalizing the Onsager relations 
are derived. These extended relations are claimed to be 
valid even if the link between forces and fluxes is non- 
linear. 

The theory presented here cannot, however, be con- 
sidered as a purely dynamical theory, since it starts from 
the very beginning with a “quasi-hamiltonian” which 
depends on macroscopic (thermodynamical) parameters. 
The rigorous mechanical justification of the validity of 


such a concept is still lacking. R. Balescu (Brussels) 
10295 : 
Gudzenko, L. I. pon Agee: er Benmgge cms) reg 


close to a stable dynamic equilibrium. Radiotehn. 
Elektron. 4 (1959), 3061-2067 (Russian); translated as 
Radio Engrg. and Electronics 4, no. 12, 158-168. 
Author’s summary : ‘“The conditions of integrability of 
stationary and periodic non-stationary random processes 
are derived. A number of physical examples are con- 
sidered.” ° G. Weiss (Washington, D.C.) 


10296 : 

Kikuchi, Ryoichi. Statistical d of boundary 
motion. Ann. Physics 11 (1960), 328-337. 

Author’s summary : “Motion of a domain wall between 
two magnetic domains of the Ising model induced by an 
external magnetic field is investigated by means of the 
technique of statistical dynamics developed by the author. 
It is assumed that each magnetic spin has a finite kinetic 
probability for changing its sign per unit time and that 
the spin system is in thermal contact with a heat bath. 
The path probability @ for the change of state of the 
system for a short time interval is written in terms of a 
set of path parameters using the point approximation 
(the Bragg- Williams preetineree Por of the cluster method, 
and then @ is maximized with respect to the path ae 
eters to determine the most probable change 
When the profile of the domain wall is smooth, it is 
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approximated by a continuous function of the distance ; 
the change of the profile is then written as a differential 
equation. In the steady state when the domain wall is dis- 
placed parallel to itself, the differential equation takes the 
form of an eigenvalue equation with the velocity of the 
wall v playing the role of the eigenvalue. This eigenvalue 
equation is nonlinear, but it can be linearized when the 
applied magnetic field is weak and v is small. The equation 
for this case is solved and v is expressed in terms of known 
quantities. The technique developed in this paper is 
applicable to more realistic models of domain boundaries 
and also can be combined with better approximations of 
the cluster-variation method.” 

H. Statz (Waltham, Mass.) 


10297 : 

Kikuchi, Ryoichi. Statistical dynamics of 
diffusion. I. Ann. Physics 11 (1960), 306-327. 

Author’s summary: “The path probability method for 
irreversible cooperative phenomena proposed by the 
author is applied to atomic diffusion in crystals. A binary 
alloy of body-centered cubic structure with the concen- 
tration gradient along a [100] direction is discussed, with 
the direct ex mechanism for atomic migration 
assumed. The path probability @ for change of state 
during a short time interval is written in terms of the path 
parameters {Y,} using the pair approximation of the 
cluster-variation method. The most probable path is 
determined by maximizing © with respect to {Y,,}. The 
system is isothermal and a flow of atoms is maintained by 
two particle reservoirs of different chemical potentials 
placed at the two ends of the system. 

“When there is no chemical potential gradient, the 
system is in an equilibrium state identical to that obtained 
by the pair approximation, which is equivalent to Bethe’s 
approximation or the quasi-chemical approximation. The 
diffusion coefficient is obtained from the stationary state 
by expanding the state parameters in terms of the con- 
centration gradient. The expression of the diffusion 
coefficient is given for an arbitrary value of the concen- 
tration, and is written in terms of a probability parameter 
for a unit interchange of atoms.” 

H. Statz (Waltham, Mass.) 


10298 : 

Meijer, Paul H. E.; Bowen, Julius I. The solution of 
the steady state distribution in non-equilibrium processes. 
Physica 26 (1960), 478-484. 

The master equation for the time dependence of the 
probability distribution of a variable (such as the mole- 
cular velocity) is written as an integro-differential equation 
in terms of suitable transition probabilities. This equation 
can also be written in matrix form by introducing expan- 
sions in o functions, Hermite functions in this 
case. The authors apply this procedure to two systems 
whose master equations are coupled by a term propor- 
tional to the difference in the distribution functions. 

S. Prager (Minneapolis, Minn.) 


10299: 

Bowen, Julius I.; Meijer, Paul H. E. Master equation 
solution of Ornstein-Uhlenbeck processes. Physica 26 
(1960), 485-491. 


The procedure of #10298 is applied to the case of a 
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Gaussian transition probability. Here the integro-differ- 
ential equation can be solved exactly, and results are 
obtained for initial distributions of the Gauss and Ra: 


forms. S. Prager (Minneapolis, Minn.) 
10300: 

Popoff, Kyrille. Considérations mathématiques sur la 
thermodynamique des irréversibles—cas 


Ann. Mat. Pura Appl. (4) 50 (1960), 197-205. 


10301 : 

Coleman, Bernard D.; Truesdell, Clifford. On the 
reciprocal relations of Onsager. J. Chem. Phys. 33 (1960), 
28-31. 

The authors point out that “Onsager’s reciprocity 
theorem”, the. way it is stated in much of the recent 
literature on irreversible thermo-dynamics, is without 
content. The “forces” and “fluxes” can always be re- 
defined in such a manner that the matrix of the 
phenomenological coefficients becomes symmetric or non- 
symmetric, as desired. There is a need for an identification 
of the “forces” and “fluxes” by some property more 
specific than their mere entry into the expression for the 
entropy production. W. Noll (Pittsburg, Pa.) 


ELASTICITY, PLASTICITY 
See also 10418. 


10302: 

Reiner, Markus. Lectures on theoretical rheology. 
8rd ed. North-Holland Publishing Co., Amsterdam ; 
Interscience Publishers Inc., New York; 1960. xvi+ 
158 pp. $4.85. 

This is a revised and expanded edition of the author’s 
Twelve lectures in theoretical rheology [Amsterdam, North- 
Holland, 1949], there being fifteen lectures in this version. 
The emphasis is on formally simple theories of ideal 
materials bearing some resemblance to certain real 
materials and on simple analyses based on these. There is 
little discussion of general principles or general theoretical 
frameworks which might form a basis for analyzing com- 
plex materials. In general, the work suffers from the fact 
that it includes virtually nothing learned about materials 
in the last decade. J. L. EHricksen (Baltimore, Md.) 


10303 : 

Sneddon, I. N.; Hill, R. (Editors). Progress in Solid 
Mechanics. Vol. II. North-Holland Publishing Co., 
Amsterdam; Interscience Publishers Inc., New York; 
1961. xi+331 pp. $11.75. 

A set of seven review articles. Those of mathematical 
interest will be reviewed separately. 


10304 : 

Janssens, Paul. Quelques progrés récents dans l'étude 
des phénoménes non-linéaires. Les mathématiques de 
Vingénieur, pp. 79-95. Mém. Publ. Soc. Sci. Arts Lett. 
Hainaut, vol. hors série, 1958. 
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The author discusses recent advances in nonlinear 
mechanics, including some aspects of fluid and solid 
mechanics. Particular attention is drawn to the common 
mathematical background of diverse physical problems. 
Many references may guide readers to valuable papers 
which are not always readily accessible. 

W. T. Koiter (Delft) 


10305 : 
Lehmann, Th. Einige Betrachtungen zu den Grund- 
lagen der Umformtechnik. Ing.-Arch. 29 (1960), 1-21. 
This is a treatment of some well-known topics of con- 
tinuum mechanics. W. Noll (Pittsburgh, Pa.) 


10306 : 

Verma, P. D. 8. Deformation energy for hypo-elastic 
materials of grade zero. J. Sci. Engrg. Res. 2 (1958), 
251-252. 


10307 : 

Predeleanu, M. Uber die Verschiebungsfunktionen fiir 
das achsensymmetrische Problem der Elastodynamik. 
Z. Angew. Math. Mech. 38 (1958), 402-405. 

[This article was listed by title as MR 20 #6232.] The 
author derives formulas showing that the general solution 
of an axisymmetric problem in linear elasto-dynamics can 
be represented in terms of a scalar displacement potential 
which satisfies a repeated wave equation. [For a recent 
comprehensive survey dealing with the use of potentials 
for the integration of the equations of elasto-dynamics 
see E. Sternberg, #10308.] W. Noll (Pittsburgh, Pa.) 


10308 : 

Sternberg, Eli. On the integration of the equations of 
motion in the classical theory of elasticity. Arch. Rational 
Mech. Anal. 6, 34-50 (1960). 

It was first observed by Lamé (1852) that the dis- 
placement-equations of motion 

te 
wa | VV-u a Oe 
of linear elasticity are satisfied by any vector u(z, t) of the 
form 


(1) V2u+ 





(2) u(z, t) = Vp+ Vx 
whenever (]12¢9 = 0 and [J22s) = 0, where 
On? = V?—(1/¢n?)(6?/0t?). 


The author reproduces a simple proof of Duhem (1898), 
which apparently has been generally forgotten, that any 
solution of (1) can be represented in the form (2). 

In the case of stationary displacements one sees easily 
that a decomposition of the form (2) with stationary 9 
and is impossible. The author shows, however, that in 
this case the time dependence of these functions has a 
particularly simple character which he determines 
explicitly. 

Another representation for the solutions of (1), due to 
Somigliana (1892), is 
(3) u(z, t) = 21—»)O,6-VV-G 
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where (]17CJ22?G=0. The author shows that (2) can be 
deduced from (3) by means of a simple transformation. 
Thus the completeness of (2) can be deduced alternatively 
from known demonstrations of the completeness of (3). 
R. Finn (Stanford, Calif.) 


10309: 

Toupin, R. A. Stress tensors in elastic dielectrics. 
Arch. Rational Mech. Anal. 5, 440-452 (1960). 

The author investigates the decomposition of the total 
stress of an elastically deformed dielectric into mechanical 
and electric (partial) stresses. He finds that there are 
several “intuitive” decompositions, which are character- 
ized with the help of formulations that are derived partly 
from variational techniques, partly from concepts of 
differential geometry. He points out that these various 
decompositions may have heuristic value but are not 
endowed with special intrinsic physical significance. The 
physically significant quantities are the total stress, 
momentum density, energy density, etc. 

P. G. Bergmann (Syracuse, N.Y.) 


10310: 

Sedov, L. I. Different definitions of the rate of change 
of a tensor. Prikl. Mat. Meh. 24 (1960), 393-398 (Rus- 
sian) ; translated as J. Appl. Math. Mech. 24, 579-586. 

At the First All-Union Congress on Theoretical and 
Applied Mechanics in January 1960 in Moscow, this 
reviewer presented an elementary discussion of various 
definitions of stress rate only Cartesian tensors [see 
Quart. Appl. Math. 18 (1960/1961), 403-407; MR 22 
#7352]. The present paper contains a more detailed 
development of the author’s contributions to the reviewer's 
paper. By abandoning the restriction to Cartesian tensors 
the author achieves a more general and uniform approach, 
which yields other possible definitions of the stress rate 
in addition to those discussed in the earlier paper. The 
argument that different definitions may be particularly 
appropriate in different fields of application is reinforced 
by further examples. W. Prager (Providence, R.I.) 


10311: 

Adkins, J. E. Large elastic deformations. Progress in 
Solid Mechanics, Vol. II, pp. 1-60. North-Holland, 
Amsterdam, 1961. 

This is an expository article presenting the general 
theory of nonlinear elasticity and various known solutions 
of the basic equations. The exposition covers isotropic 
and anisotropic solids as well as materials subject to 
kinematic constraints, as in the case of media reinforced 
by inextensible chord. Solutions discussed include essen- 
tially all those known which hold for all isotropic materials. 
The treatment is neat and well organized, but not com- 
prehensive. J. L. Ericksen (Baltimore, Md.) 


10312: 

Bhagavantam, 8.; Chelam, E. V. Elastic behaviour of 
matter under very high pressures. Uniform compression. 
Proc. Indian Acad. Sci. Sect. A 52 (1960), 1-19. 

In the expression for the strain energy for a substance 
of cubic symmetry only strain components up to the third 
order have been retained ; then the authors calculate its 
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value corresponding to a finite hydrostatic deformation 
and to this deformation superposed by an infinitesimal 

etric strain (assuming that the rotations are 
removed). The difference between the two expressions 
per unit volume of the initially deformed body is the 
energy of the additional strain. Using a part of it, the 
“effective elastic energy’, the authors derive linear 
relations for the additional stresses and additional 
deformations. The “effective elastic energy” has been 
expressed in “normal coordinates” so that the influence 
of every component may be treated independently. 

{In the reviewer's opinion the problem can be solved 
more generally and simply by superposing small deforma- 
tions on finite deformations, according to the method 
given by A. E. Green, R. 8. Rivlin, R. T. Shield [Proc. 
Roy. Soc. London Ser. A 211 (1952), 128-154; MR 13, 
884] and W. Urbanowski [Arch. Mech. Stos. 11 (1959), 
223-241; MR 21 #4604).} W. Urbanowski (Warsaw) 


10313: 

Bhagavantam, S8.; Chelam, E. V. Elastic behaviour of 
matter under very high General deformation. 
J. Indian Inst. Sci. 42 (1960), 29-40. 

This is a generalization of the method proposed by the 
authors [see #10314] to the case when the initial finite 
deformation is of a general but symmetric type. Tables 
are given of effective elastic constants in the special case 
of tri-axial strain and sub-divisions of this case which 
correspond to uni-axial compression and uniform com- 
pression. A special table is given for the same quantities 
in pure shear. W. Urbanowski (Warsaw) 


10314: 

Chelam, E. V. Elastic behaviour of matter under very 
high pressures. Simple shear. J. Indian Inst. Sci. 42 
(1960), 41-46. 

Using a method analogous to that proposed by 8S. 
Bhagavantam and E. V. Chelam [see #10312, 10313] for 
symmetric initial finite strains, the author calculates the 
effective elastic constants for the case of initial simple 
shear. W. Urbanowski (Warsaw) 


10315: 

Datta, Subhendu. Rotating cylinder with cross-elasti- 
city effects. Appl. Phys. Quart. 6 (1959/60), 9-11. 

Finite deformation problem of a rotating isotropic 
elastic circular cylinder is solved within an approximation 
which neglects powers of the angular velocity greater than 
the fourth. C. E. Pearson (Cambridge, Mass.) 


10316: 

Milne-Thomson, L. M. Plane elastic systems. 
Ergebnisse der angewandten Mathematik, Heft 6. 
Springer-Verlag, Berlin-Géttingen-Heidelberg, 1960. viii 
+211 pp. DM 49.80. 

The author, well known particularly by his works in 
the field of fluid mechanics, presents briefly in this book 
the most important results in the domain of the plane 
problems of the theory of elasticity examined with the 
aid of complex variable theory. 

Chapter I includes general considerations on plane 
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elasticity, pointing out the part played by the Airy 
function in this problem. Chapter II introduces the con- 
cept of complex stresses and formulates the plane problem 
from the mathematical point of view by using functions 
of a complex variable. In order to aid the reader, chapter 
III reviews the main results in the theory of functions of 
a complex variable, required for a better understanding 
of the subsequent chapters. Chapter IV is devoted to the 
study of the elastic plane and of the elastic half-plane. 
The first basic problem (boundary conditions in stresses), 
as well as the second basic problem (boundary conditions 
in displacements) and the mixed problem are considered. 
Results are given for several particular cases. It is to be 
noticed that in this chapter the contact problem of the 
elastic half-plane and a few dynamical problems are also 
considered. Chapter V treats the regions bounded by ares 
of circles. Results are given for the case of circular and 
annular regions. Several related problems are also included, 
such as the case of the elastic plane with cuts along arcs 
of circles, subjected to a plane-stress state. The regions 
bounded by an arbitrary boundary are discussed in 
chapter VI. Curvilinear coordinates are used, particular 
attention being given to conformal mappings. Several 
particular cases are considered, e.g., the region bounded 
by an ellipse, the elastic plane with elliptic or polygonal 
holes and so on. Chapter VII examines the effects of 
anisotropy of the material. General results are given and 
some of the problems previously presented are examined 
again for this case. Each chapter includes examples for 
which only enunciations are given. 

Although the book has a theoretical character, it is 
adapted to practical physical and engineering applications. 
The particular clearness of the treatment as well as the 
mathematical accuracy are to be noticed ; thus this book 
represents a valuable contribution to the literature in this 


field. P. P. Teodorescu (Bucharest) 
10317: 
Kalandiya, A. I. On stresses in an elastic half-plane. 


Prikl. Mat. Meh. 23 (1959), 1130-1131 (Russian); trans- 
lated as J. Appl. Math. Mech. 23, 1615-1618. 

The author discusses formulation of the elastic problem 
of a half-plane when the stresses at infinity may attain any 
finite value and when the boundary loading is not finite. 

C. E. Pearson (Cambridge, Mass.) 


10318: 

Kalinyak, M. I. Solutions of theory of elasticity 
problems for domains with two boundaries. Akad. Nauk 
Ukrain. RSR. Prikl. Meh. 6 (1960), 65-75. (Ukrainian. 
Russian and English summaries) 

The paper gives a general solution in finite form by 
methods of complex variable for elastic problems applied 
to domains with two boundaries. Examples applied to the 
following three problems are shown: (i) stresses in a plate 
containing two equal circular holes; (ii) pure flexure of a 
beam with two equal circular holes; (iii) torsion of a 
plate containing two equal circular holes. 

It may be mentioned that the first example was solved 
by the reviewer in 1948 by using bipolar coordinates 
[J. Appl. Phys. 19 (1948), 77-82; MR 9, 395]. 

C.-B. Ling (Taipei) 


10319: 
Du, Ching-hua. The two-dimensional problems of the 
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nonhomogeneous isotropic medium. Problems of con- 
tinuum mechanics (Muskhelishvili anniversary volume), 
pp. 104-108. SLAM, Philadelphia, Pa., 1961. 

The author first establishes the equation satisfied by a 
stress-function in the two-dimensional problems of plane 
strain and generalised plane stress for an isotropic medium, 
Poisson’s ratio being supposed constant but Young’s 
modulus assumed to be a function of position. The 
boundary conditions which must hold at the interface 
between two regions possessing different elastic properties 
are then examined and are expressed in terms of the 
stress-functions for the two regions. The special case of a 
fixed straight interfacial boundary is briefly considered, 
it being mentioned that the equations can be put into 
finite-difference form and solved by relaxation techniques. 

J. H. Wilkinson (London) 


10320: 

Ufiyand, Ya. 8. Torsion of an elastic layer. Dokl. 
Akad. Nauk SSSR 129 (1959), 997-999 (Russian) ; trans- 
lated as Soviet Physics. Dokl. 4 (1960), 1383-1386. 

An unbounded layer of elastic material is twisted by 
the rotation of a rigid stamp attached to it. The deter- 
mination of the only non-zero component of displacement 
is reduced to the solution of a Fredholm integral equation 
with a continuous kernel. A short table is given to facili- 
tate numerical calculations of displacement and torque. 

L. M. Milne-Thomson (Madison, Wis.) 


10321: 

Chattarji, P. P.; Dutt, 8. B. On the stresses due to a 
nucleus in the form of a centre of rotation in an infinite 
elastic solid with spherical inclusion. Bull. Calcutta 
Math. Soc. 51 (1959), 186-190. 

The authors consider a nucleus (as in the title) situated 
in an infinite isotropic solid at a finite distance from an 
isotropic spherical inclusion. They obtain firstly the stress 
distribution due to an elastic inclusion, and then specialise 
the results for (i) a rigid inclusion, and (ii) a cavity. 

{Reviewer’s note: Recently W. D. Collins [Proc. 
London Math. Soc. (3) 9 (1959), 242-252 ; Z. Angew. Math. 
Phys. 11 (1960), 3-16; MR 21 #1011; 22 46152], in some 
related work, has shown how to obtain the stress distribu- 
tion due to force nuclei, etc., in an isotropic solid con- 
taining a spherical cavity in terms of the corresponding 
stress distribution due to the same singularities in an 
infinite solid; his expressions are in terms of elementary 
functions and integrals, instead of series of Legendre 
polynomials as in the paper at present under review.} 

J. H. Wilkinson (London) 


10322: 

Egorov, K. E. Contact problem for an elastic layer 
under the action of an eccentric vertical force on a circular 
rigid stamp. Dokl. Akad. Nauk SSSR 133 (1960), 781- 
784 (Russian); translated as Soviet Physics. Dokl. 5 
(1961), 890-894. 

A circular cylindrical rigid stamp resting on an elastic 
half-space is acted upon by an eccentric vertical force, 
which can be replaced by a central vertical force and a 
couple. In the absence of friction, the problem is reduced 
to a pair of integral equations which are solved. 

L. M. Milne-Thomson (Madison, Wis.) 


10323 : 
Pal’mov, V. A. The contact problem of a plate on an 
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elastic foundation. Prikl. Mat. Meh. 24 (1960), 416-422 
(Russian) ; translated as J. Appl. Math. Mech. 24, 609-618. 
The author considers the equilibrium of an unbounded 
elastic layer lying on a rigid frictionless base and deformed 
by the action of a symmetrically loaded circular elastic 
plate which is in contact with it over its entire surface. A 
representation for the pressure in the region of contact 
between the plate and the layer is found as a Hankel 
transform and used to calculate the displacement of the 
plate. On equating this displacement to the vertical 
displacement of the upper boundary of the layer in the 
region of contact a pair of dual integral equations are 
obtained and by means of a method due to Lebedev and 
Uffyand [same Prikl. 22 (1958), 320-326; MR 21 #1006] 
reduced to a Fredholm integral equation governing the 
problem. This equation is solved numerically for a plate 
resting on an elastic half-space and bent by a concentrated 

force applied at its centre. 
W. D. Collins (Newcastle-upon-Tyne) 


10324: 

Paria, Gunadhar. Bending of bars and plates of piezo- 
electric material by end couples. J. Sci. Engrg. Res. 4 
(1960), 381-386. 

By inverse methods, exact solutions of the piezoelectric 
equations of equilibrium are obtained for an elastic bar 
bent by terminal couples as well as an elastic rectangular 
plate bent by edge couples. The isotropic non-piezoelectric 
solutions follow as special cases 

B. Bernstein (Washington, D.C.) 


10325 : 

Popov, G. Ya. On the bending of infinitely long — 
weakened by hinges, resting on an elastic base. 

Nauk Ukrain. RSR. Prikl Meh. 5 (1959), than 
(Ukrainian. Russian and English summaries) 

In this paper the author obtains a new form of solution 
to the title problem which is claimed to possess distinct 
advantages over the corresponding solutions of previous 
writers. Also, a known slowly-convergent series-solution to 
the problem of an infinitely long beam under the action 
of an infinite number of equally-spaced loads is now 
replaced by a solution in closed form. 

J. H. Wilkinson (London) 


10326 : 

Alblas, J. B. On the torsion of a bar with 
slits. Nederl. Akad. Wetensch. Proc. Ser. B 64 (1961), 
47-55. 

The paper describes an approximate method for the 
calculation of the torsional rigidity D of an isotropic 
prismatic cylinder containing one or more slits extending 
from the boundary inwards. Following the work of 
Nowacki [Arch. Mech. Stos. 5 (1953), 21-46; MR 16, 539], 
who was apparently the first to tackle by means of an 
integral equation technique the torsion problem for a 
cross-section containing cracks, the author gives firstly 
an exact method for the evaluation of the reduc- 


tion Do— D in the rigidity, where Do denotes the torsional 
rigidity of the cross-section excluding the slits (or includ- 
ing a smaller number of slits). A variational principle is 
then formulated, from which an approximate value for 
Do—D is deduced. {The author does not state, and indeed 
it would seem to be difficult to prove, whether the approxi- 
mation is an over- or under-estimate for the reduction in 
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rigidity.} The method consists in that the 
problem is solved (or. approximately heer for the same 
cross-section with fewer slits, employing trial functions 
derived from this solution and satisfying the boundary 
condition. As an example, the author considers a circular 
cross-section of radius a (for which Do=47Ga*), con- 
taining a single complete radial slit; the exact solution 
D=(m—64/97)Gat =0.878Ga‘* derived from the present 
integral equation approach agrees with Wigglesworth’s 
result [Proc. London Math. Soc. (2) 47 (1940), 20-37; 
MR 2, 272] which was obtained by a conformal-mapping 
procedure. The variational method gives, using a simple 
trial function (leading, nevertheless, to very involved 
integrations), the approximate value Do— D=0.666Ga‘, 
ie., D=0.904Ga‘. 

{In the reviewer’s opinion the practical significance of 
numerical computation would be enhanced if upper and 
lower bounds for the reduction Do—D could be estab- 
lished, on the lines of the limits for the torsional rigidity 
of an uncracked cross-section obtainable by the well- 
known Ritz and Trefftz methods.} 

J. H. Wilkinson (London) 


10327 : 

Brandt, Howard E. On the torsion of a rectangular 
beam with diametrically opposite sides of the form az". 
J. Aerospace Sci. 28 (1961), 503-505. 


10328 : 

Girkmann, Karl. »%Flichentragwerke: Einfiihrung in 
die Elastostatik der Scheiben, Platten, Schalen und Falt- 
werke. 5te, verbesserte und vermehrte Aufl. Springer- 
Verlag, Vienna, 1959. xxxi+632 pp. $17.15. 

[This book was listed in MR 21 #7643.] The present 
fifth edition of this book on elastic slabs, plates, and 
shells, differs from its predecessor chiefly through the 
inclusion of an appendix on E. Reissner’s theory of plates. 
Also, an attempt has been made to bring the remarkably 
comprehensive bibliography up to date, and an author 
index has been added. As in the previous editions, the 
author’s main objective is to present a detailed account 
of a host of engineering applications, rather than to deal 
in depth with the underlying theories. It is evident from 
the fact that this book, which originally appeared in 1946, 
is already in its fifth edition, that the author has been 
most successful in his endeavor and has filled a real need. 

E. Sternberg (Providence, R.1.) 


10329 : 

Bassali, W. A. The transverse flexure of a thin circular 
plate subject to parabolic loading over a concentric 
Z. Angew. Math. Phys. 11 (1960), 176-191. (German 
summary) 

A complex-variable approach to the title problem 
yields a comparatively simple exact solution. 

, R. C. T. Smith (Armidale) 


10330: 

Bassali, W. A.; Hanna, N. 0. M. Bending of curvi- 
linear and rectilinear polygonal plates symmetrically 
loaded over a concentric circle. Proc. Cambridge Philos. 
Soc. 57 (1961), 166-179. 

Authors’ abstract: “Complex-variable methods are 


applied to obtain exact solutions for the complex poten- 
tials and deflections of thin isotropic slabs bounded by 
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regular curvilinear polygonal contours with n sides and 
subject to symmetrical loading distributed over a con- 
centric circle. The boundary is either clamped 
or has equal boundary cross couples. The plates taken in 
the z-plane are conformally mapped on the unit circle in 
the {-plane by the mapping function 


z= cf 2," (c > 0, Ao = 1). 

Polynomial approximations to the Schwarz-Christoffel 
transformations are then used to discuss the bending of 
clamped and simply supported rectilinear plates sym- 

metrically loaded over a concentric circle or acted upon 
by a central point load.” R. M. Morris (Cardiff) 


10331 : 

Kalandiia, A. I. On a method of solution of 
of the theory of elasticity for the semi-circle. Problems of 
continuum mechanics (Muskhelishvili anniversary volume), 
pp. 219-228. SIAM, Philadelphia, Pa., 1961. 

The author considers a thin elastic plate in the form of a 
semi-circle of unit radius, bent by uniform normal loading, 
the plate being clamped along the circumference and free 
along the diameter of the semi-circle. The problem is 
solved by determining two functions &(x, y) and wo(zx, y) 
at a point (x, y) of a circular plate of unit radius clamped 
along its entire circumference. The function &(z, y) is the 
deflection in this plate due to the same uniform load per 
unit area .as on the semi-circular plate, whilst wo(x, y) is 
the deflection due to a loading p(x) distributed along the 
diameter —1<2z<1 of the plate. The sum of these 
functions gives the deflection at a point of the semi- 
circular plate of unit radius bounded by the diameter 
—1<z<1, provided p(x) is determined so that the plate 
is free along this diameter. This latter condition leads to 
a singular integral equation with a Cauchy-type kernel 
for p(x), the solution of which is found approximately by 
numerical means. This method of solution can be extended 
to other two-dimensional problems in the theory of 
elasticity for a semi-circular region. 

W. D. Collins (Newcastle-upon-Tyne) 


10332: 
Bassali, W. A.; Gorgui, M. A. Flexural problems of 
circular ri and sectorial plates. II. Proc. 


ring 
Cambridge Philos. Soc. 56 (1960), 414-424. 

Authors’ abstract : “In a previous paper [same Proc. 56 
(1960), 75-95 ; MR 22 #3208] solutions have been derived 
for the deflection of a circular annular plate under various 
combinations of boundary conditions and subject to 
certain line loadings spread along the circumference of a 
concentric circle. These solutions, which were used in the 
analysis of circular ring plates and sectorial plates acted 
upon by a concentrated load or a concentrated couple at 
any point, are utilized in this paper to obtain solutions 


appropriate to lateral loadings of the type p = pop(r) — nO 


distributed over the entire circular ring plate. Solutions 
corresponding to the case ¢(r)=r™ are then explicitly 
found, and the principle of superposition can be applied 
to get the solution when the load on the annulus can be 
expanded into a Laurent-Fourier series in the polar 

coordinates r, 8. The method of images is used to deduce 
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solutions for an isotropic plate bounded by two arcs of 
concentric circles and two radii, and loaded by the normal 
pressure p = por™ when the plate is simply supported along 
the straight edges and is subject to various conditions 
along the circular edges.” R. M. Morris (Cardiff) 


10333 : 

Brilla, Jozef. Einige gemischte Rand n aniso- 
troper Platten. Z. Angew. Math. Mech. 40 (1960), 472- 
482. (English and Russian summaries) 

A semi-infinite elastic anisotropic plate with mixed 
boundary conditions is considered (part of the edge is 
clamped and the other part is simply supported). On the 
basis of the solution for the clamped plate the author 
constructs a singular integral equation for the deflection 
angle on the simply supported part. The kernel of the 
equation contains only the dominant part ; hence a closed 
solution is derived. An example of a plate with one simply 
supported section is discussed, under various external 
loadings. H. Zorski (Warsaw) 


10334: 

Pfliiger, Alf. %Elementare Schalenstatik. 3te Aufl. 
Springer-Verlag, Berlin-Géttingen-Heidelberg, 1960. viii 
+112 pp. DM 19.50. 

Die vorliegende dritte Auflage unterscheidet sich von 
der zweiten nur durch einige kleine Zusitze und Berichti- 
gungen. Wegen seiner klaren, einfachen und auf das 
Wesentliche gerichteten Darstellung bildet das Buch nach 
wie vor eine ganz ausgezeichnete Einfiihrung in die 
Schalentheorie, die vom Studierenden ebenso gerne zur 
Hand genommen wird, wie vom bereits praktisch arbei- 
tenden Ingenieur. H. Parkus (Vienna) 


10335 : 
Au, T.; Hribar, J. A. On the solution of thin elastic 
shells of revolution. J. Aerospace Sci. 28 (1961), 510-511. 


10336 : 

Pogorelov, A. V. On the elastic deformation of convex 
shells in the supercritical region. Dokl. Akad. Nauk 
SSSR 133 (1960), 785-787 (Russian); translated as 
Soviet Physics. Dokl. 5 (1961), 895-897. 

In this brief note it is assumed that the supercritical 
region of reversed curvature is near the shape resulting 
from the mirror reflection of the shell with respect to an 
intersecting plane. Expressions for the energy of deforma- 
tion are given together with an estimate of stress at 
breakdown of the shell. 

L. 8. D. Morley (Farnborough) 


10337 : 

Savin, G.N. The stress distribution in a thin shell with 
an arbitrary hole. Problems of continuum mechanics 
(Muskhelishvili anniversary volume), pp. 382-405. SIAM, 
Philadelphia, Pa., 1961. 

The author considers the state of stress in a thin shell of 
constant thickness with an arbitrary opening the contour 
of which has no angular points. Experiments to study the 
state of stress around circular and elliptical holes (not 
generally very small) in spherical and cylindrical shells 
have led to the conclusion that for sufficiently smooth 
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contours the stress perturbations are rapidly decaying 
functions of the co-ordinates and can be calculated accord- 
ing to shallow shell theory. Accordingly, the fundamental 
principles of analysis are developed, specific attention 
being given to circular and spherical shells. 

L. 8. D. Morley (Farnborough) 


10338 : 

Mindlin, R. D.; Medick, M. A. Extensional vibrations 
of elastic plates. J. Appl. Mech. 26 (1959), 561-569. 

The authors derive a new system of two-dimensional 
approximating equations for characterizing the exten- 
sional motions of an isotropic elastic plate. The two- 
dimensional system is derived from the three-dimensional 
equations of elasticity by a series expansion involving 
Legendre polynomials of the thickness parameter followed 
by an integration across the thickness of the plate. The 
resulting series is then truncated to produce the approxi- 
mate equations. The truncation is effected in such a way 
that the resulting equations still take into account the 
coupling between extensional symmetric thickness-stretch 
and symmetric thickness-shear modes and also include 
two face-shear modes. Comparison of approximate solu- 
tions to known solutions for an infinite plate are given. 

L. E. Payne (College Park, Md.) 


10339: 

Gazis, D. C.; Mindlin, R. D. Extensional vibrations and 
waves in a circular disk and a semi-infinite plate. J. Appl. 
Mech. 27 (1960), 541-547. 

The approximate second-order equations of extensional 
motion of elastic plates derived in a previous paper [see 
preceding review] is solved for the case of axially sym- 
metric vibrations of a thick circular disk. The results are 
shown to be in very good qualitative agreement with 
those observed experimentally by E. A. G. Shaw [J. 
Acoust. Soc. Amer. 28 (1956), 38-50], who has discovered 
in particular a mode the amplitude of which is large near 
the circular boundary of the disk and decreases rapidly 
toward the center. The properties of the edge-mode are 
further examined in detail in a study of the reflection of 
straight-crested extensional waves at the edge of a semi- 
infinite plate. Yi-Yuan Yu (Brooklyn, N.Y.) 


10340: 

Bosznay, A. Uber die Anwendung der Falkschen 
Transformation auf Biegeschwingungen ausfiihrende 
Schwingungssysteme. Acta Tech. Acad. Sci. Hungar. 31 
(1960), 217-225. (English, French, and Russian sum- 
maries) 

Author’s summary: “With the aid of a numerical 
example, the paper attracts the attention to the advan- 
tages of using the transformation formulae published by 
Falk [Ing. Arch. 23 (1955), 314-328] for computing the 
eigenfrequencies and the critical rotational speeds of an 
oscillating system capable of flexural oscillations. At the 
same time, the author proposes connecting with the Falk 
transformation, for solving the problem, a method 
elaborated by him earlier for the eigen- 
frequencies [Kandidatsdissertation, Budapest, 1956].” 


10341: . 
Caughey, T. K. Sinusoidal excitation of a system with 
bilinear hysteresis. J. Appl. Mech. 27 (1960), 640-643. 
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The author discusses the vibration of a spring-mass 
system, subject to a sinusoidal external force P cos wt, 
the spring exhibiting bilinear hysteresis. The analysis is 
carried out by the method of slowly varying parameters 
of Kryloff and Bogoliuboff. The results are presented in 
the form of a plot of steady-state response versus fre- 
quency of the driving force. Among the author’s con- 
clusions are the following. (1) The resonance frequency 
decreases as P increases. (2) The response curves are 
single-valued and stable; no jump phenomenon occurs. 
(3) The response is bounded if P is less than a certain 
critical value, otherwise unbounded. 

W. E. Boyce (Troy, N.Y.) 


10342: 

Caughey, T. K. Forced oscillations of a semi-infinite 
rod exhibiting weak bilinear hysteresis. J. Appl. Mech. 27 
(1960), 644-648. 

This paper is somewhat similar to the preceding one 
[#10341] but considers the more complicated problem of 
the longitudinal vibrations of a semi-infinite rod, driven 
by a force P cos wt at one end and exhibiting a bilinear 
hysteresis effect in the stress-strain relation. The method 
of slowly varying parameters is again employed, though 
with somewhat more technical complexity. In conclusion 
the author plots the variation of amplitude and phase 
against distance from the driven end. The amplitude curve 
is compared with a corresponding one for a visco-elastic bar. 

W. E. Boyce (Troy, N.Y.) 


10343: 

Bosznay, A. Uber eine migliche Ableitung der Falk- 
schen Transformation. Acta Tech. Acad. Sci. Hungar. 
81 (1960), 203-216. (English, French, and Russian 
summaries) 

Author’s summary: “In 1955, 8. Falk published a 
method of finite iteration for reducing an undamped 
oscillating system having a finite number of degrees of 
freedom to a smooth, chain-like, unshunted oscillating 
system having the same eigenfrequencies [Ing. Arch 43 
(1955), 314-328]. His paper did not contain the deduction 
of the basic formulae of the method. The present paper 
generalizes the finite iteration method of C. Lanczos 
[Proc. 2nd Symposium Large-Scale Digital Computing 
Machinery, pp. 164-206, Harvard Univ. Press, Cambridge, 
Mass., 1951; MR 138, 589]—serving another purpose—in 
such a way that it can be used also for deducing the basic 
formulae of the Falk reduction.” 


10344: 

Dyer, Ira. Moment impedance of plates. J. Acoust. 
Soc. Amer. 32 (1960), 1290-1297. 

From Mindlin’s theory of the moment excitation of 
isotropic plates [J. Appl. Mech. 18 (1951), 31-38], an 
equation is deduced for the moment impedance which is 
valid for short wavelengths relative to the thickness of 
the plate as well as for the long wavelengths of the 
classical theory of symmetric flexural vibrations of plates. 
It is shown that this equation takes into account trans- 
verse shear effects even when the plate is thin. The 
moment impedances of disks large and small, respectively, 
relative to wavelength are determined. In the latter case 
the implications of the theory are compared in detail with 
those of the classical theory. 

R. N. Goss (San Diego, Calif.) 
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10345: 

Thomas, Dan A. Mechanical impedances for thin 
plates. J. Acoust. Soc. Amer. 32 (1960), 1302-1304. 

Mindlin’s equations [J. Appl. Mech. 18 (1951), 31-38] 
are used to derive expressions for the force impedance and 
moment impedance of outgoing symmetric flexural waves 
in moderately thin plates. Since Dyer [see #10344] has 
focused his attention on small disks (i.e., the product of 
wave number and disk radius is small relative to 1) while 
the present author has considered this case only qualita- 
tively, the intersection of the results of the two papers is 
not an important set; their union, however, disposes of 
most of the questions that would occur to one interested 
in the impedance of vibrating plates. 

R. N. Goss (San Diego, Calif.) 


10346: 

Barta, J. Das Becksche Stabilititspro 
wandte Probleme. 
(1960), 241-259. 
maries) 

Author’s summary: “M. Beck [Z. Angew. Math. Phys. 
3 (1952), 225-228] has solved the buckling problem which 
consists in finding the critical load, if the load acts on the 
free end of a bar the other end of which is built in. The 
solution of this problem is recapitulated and the basic 
principles of the employed method are developed. By 
means of the same method, several related problems are 
solved. One of these illustrates that, under the action of 
certain tensional load, the equilibrium of the bar may be 
unstable.” 


blem und ver- 
Acta Tech. Acad. Sci. Hungar. 31 
(English, French, and Russian sum- 


10347 : 

Seide, Paul; Weingarten, V. I. On the buckling of 
circular cylindrical shells under pure bending. J. Appl. 
Mech. 28 (1961), 112-116. 

This is one of several recent classical (assuming infinite- 
simal displacements, perfect specimens) studies of the 
title subject. All agree in finding about the same maximum 
critical stress for bending as for axial compression, both 
much higher than test values. 

L. H. Donnell (Ann Arbor, Mich.) 


10348 : 

Chang, C. C.; Ebcioglu, I. K. Elastic instability of 
rectangular sandwich panel of core with 
different face thicknesses and materials. J. Appl. Mech. 
27 (1960), 474-480. 

The authors extend the sandwich-plate theory of N. J. 
Hoff [Tech. Notes Nat. Adv. Comm. Aeronaut. No. 2225 
(1950); MR 12, 561] to cover sandwich plates with 
orthotropic cores, different face thicknesses, and different 
material properties. The equations obtained are solved for 
the buckling of a simply supported rectangular sandwich 
panel subjected to a uniform edge compression. Numerical 
examples are presented. Yi-Ywan Yu (Brooklyn, N.Y.) 


10349: 

Conway, H. D.; Leissa, A. W. A method for investi- 
gating certain eigenvalue of the buckling and 
vibration of plates. J. Appl. Mech. 27 (1960), 557-558. 

The critical buckling loads of the square and equilateral 
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triangular clamped plates are approximated by the 
method of collocation applied to the boundary values. 
H. F. Weinberger (Minneapolis, Minn.) 


10350: 

Seide, P. On the buckling of truncated conical shells 
under uniform hydrostatic pressure. Proc. Sympos. Thin 
Elastic Shells (Delft, 1959), pp. 363-388. North-Holland, 
Amsterdam, 1960. 

Using a potential-energy expression previously derived 
by the author [J. Appl. Mech. 24 (1957), 547-552; MR 19, 
997] a modified Rayleigh-Ritz method is used to investi- 
gate the title problem. A relatively simple buckling 
criterion is deduced, and comparisons with other investi- 
gations and with experiment are made. 

H. D. Conway (Ithaca, N.Y.) 


10351: 

Borg, 8S. F. Rupture instability of plane membranes 
and solids. J. Appl. Mech. 27 (1960), 501-504. 

Under the assumption that fracture phenomena in a 
solid membrane are governed by the mass and momentum 
conservation equations of an inviscid fluid, the velocity 
of the fracture surface following a local puncture in a 
uniformly stressed membrane is determined and found to 
be of the right order of magnitude. 

A. M. Freudenthal (New York) 


10352: 

Miklowitz, Julius. Flexural stress waves in an infinite 
elastic plate due to a suddenly applied concentrated trans- 
verse load. J. Appl. Mech. 27 (1960), 681-689. 

The problem treated is that of an infinite, thin, elastic 
plate, subjected to a concentrated transverse load. 
Following R. D. Mindlin [same J. 18 (1951), 31-38], 
the theory incorporates effects of shear deformation and 
rotatory inertia, a significant feature of which is the pre- 
diction of a bounding wave velocity. Solutions for a step 
load and a rectangular pulse are obtained, based on a 
simpler analysis than that given previously by J. L. 
Lubkin [ONR Progr. Rep. No. 5 (1954)], and bending 
moments and shear force are plotted against “time after 
arrival of the first wave front’ for three distances from 
the load. A comparison is made with exact (three-dimen- 
sional) theory, from which it is deduced that the above 
solutions are a good approximation beyond certain times. 

L. W. Morland (Sevenoaks) 


10353 : 

Dubinkin, M. V. The propagation of waves in infinite 
plates. Prikl. Mat. Meh. 23 (1959), 984-987 (Russian); 
translated as J. Appl. Math. Mech. 23, 1409-1413. 

The author treats the problem of an infinite elastic plate, 
subjected to a step concentrated transverse load, employ- 
ing governing equations which include the effects of shear 
force and rotatory inertia on the displacement (in addition 
to elementary bending). His solution for the shear force 
is derived with the aid of the Laplace transform inversion 
integral and contour integration. In the latter the author 
draws on the work of Uflyand [same Prikl. 12 (1948), 
287-300 ; MR 10, 88] who first treated the problem in this 
manner. That integration is in error through the omission 
of an infinite integral stemming from the multivaluedness 
of the modified Bessel functions (of second kind) that are 
generated in the problem. This invalidates the author’s 
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solution and numerical results. A correct solution for the 
problem was given by Lubkin [ONR Progr. Rep. No. 5 
(1954)] who employed the nonhomogeneous governing 
equations and a limiting distributed (disk) loading to get 
the concentrated force case. More recently the reviewer has 
given and evaluated numerically the solutions for the 
moments and shear force for the problem [ef. #10352] by 
employing the homogeneous governing equations and the 
boundary conditions under the point load. 

J. Miklowitz (Pasadena, Calif.) 


10354: 

Papadopoulos, V. M. A line source on an interface 
between a fluid and an elastic solid. Proc. Roy. Soc. 
London. Ser. A 257 (1960), 515-533. 

The method of dynamic similarity is used to determine 
the two-dimensional solution for the motions of a solid 
and a fluid, separated by a plane interface, due to a line 
singularity in that surface. 

J. W. Craggs (Newcastle-upon-Tyne) 


10355: 

Kaliski, 8.; Rogula, D. Rayleigh waves in a magnetic 
field in the case of a perfect conductor. Proc. Vibration 
Problems No. 5 (1960), 63-80. (Polish and Russian 
summaries) 

The author presents a study of Rayleigh surface waves 
in an isotropic elastic solid in a constant primary mag- 
netic field, for cases involving different directions of the 
vector of this field. Plane-wave solutions for Rayleigh-type 
waves are derived from linearized governing equations 
representing the coupled elastodynamic and electro- 
magnetic fields. It is assumed that the Rayleigh waves 
propagate over a half-space that is a perfect conductor. 
Results on the velocity of these surface waves and the 
character of their spatial (depth) decay are presented and 
analyzed. It is shown, for instance, that the velocity of 
surface waves, moving in a direction normal to the 
magnetic field vector (two cases), increases with an 
increase in the intensity of the magnetic field and 
approaches asymptotic values (higher than the well- 
known Rayleigh wave velocity of the pure elastic problem). 

J. Miklowitz (Pasadena, Calif.) 


10356 : 

Kaliski, 8. The propagation of elasto-plastic waves in 
a half-space in a magnetic field for a perfect conductor. 
Problems of continuum mechanics (Muskhelishvili anni- 
versary volume), pp. 229-245. SIAM, Philadelphia, Pa., 
1961. 

The problem considered is the propagation of uniaxial 
displacement through a perfectly conducting half-space 
bordered by vacuum. The disturbance is caused by normal 
mechanical surface loading, with the body and vacuum 
in a constant primary transverse magnetic field. Displace- 
ment current, and perturbations of the magnetic field in 
comparison with the primary field, are neglected. Momen- 
tum conservation is expressed by the appropriate dis- 
placement equations of linear elasticity, including a body 
force due to the motion of the conductor through - 
magnetic field. Incorporated in Maxwell’s equations 
the electro io Geld to en clesteio field induced ty 
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to be Lagrangian, presumably to simplify boundary con- 
ditions, but the validity of Maxwell’s equations still 
expressed in their Eulerian form is not questioned. It 
would seem that the system of equations is suitable only 
to describe small displacements. Furthermore, the pre- 
sentation is not helped by the complete lack of definition 
of notation. 

A linear wave equation is obtained for the uniaxial 
displacement, with wave velocity exceeding the usual 
elastic dilatational wave velocity, and the solution for 
arbitrary applied pressure is found. For monotonic loading 
the solution is extended to a bilinear material, in which the 
elastic constants take different values when the longi- 
tudinal stress exceeds some prescribed value, resulting in 
a reduced wave velocity. (Despite the title, the concepts 
of yield and plastic flow are never mentioned.) An approxi- 
mation scheme is suggested for a non-linear stress-strain 
relation, and brief mention is made of rigid unloading. 

No numerical data are presented to show whether the 
effect of the magnetic field is significant in any practical 
situation. L. W. Morland (Sevenoaks) 


10357 : 

Radok, J. R. M. Plane problems of linear visco- 
elasticity. Problems of continuum mechanics (Musk- 
helishvili anniversary volume), pp. 359-369. SIAM, 
Philadelphia, Pa., 1961. 

The author formulates the visco-elastic analogue to the 
complex-variable formulation of the equations of plane- 
strain classical elasticity. For suitable boundary con- 
ditions the solutions to analogous problems in elasticity 
and visco-elasticity are related by ordinary differential 
equations in time. Examples are given of visco-elastic 
problems, as yet unsolved, for which no analogous elastic 
solution exists. D. R. Bland (Manchester) 


10358 : 

Gupta, A. 8. On the flow of a visco-elastic fluid past 
a porous flat plate. J. Sci. Engrg. Res. 2 (1958), 221-226. 

This is a linearized theory of flow of a Maxwell-fluid 
past a porous flat plate, both for incompressible and com- 
pressible fluids. The basic equations are not properly 
invariant. For this and other reasons, it is not clear under 
what conditions the solution might be meaningful. The 
physical significance of the author’s “skin friction’’ is 
unclear. J. L. Ericksen (Baltimore, Md.) 


10359 : 

Coleman, Bernard D.; Noll, Walter. An approximation 
theorem for functionals, with applications in continuum 
mechanics. Arch. Rational Mech. Anal. 6, 355-370 
(1960). 

The authors are concerned with functionals of the form 
o=F=2_, (9(s)), where o and g(s) lie in certain normed 
finite- or infinite-dimensional vector spaces. Their main 
result is a precise theorem not easily summarized in a few 
words. Roughly, it shows that any of a wide class of 
functionals can be approximated by a polynomial in 
generalized derivatives of g with respect to s, evaluated at 
#=0. The approximation is good if the “history” 9(s) is, 
in a sense made precise, slow. Their theorem is applied to 
@ rather general nonlinear theory of visco-elastic fluids. In 
this context, a somewhat similar approximation theorem 
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has been proved by A. E. Green and R. 8. Rivlin [same 
Arch. 1 (1957), 1-21; MR, 20 #2130). 
J. L. Ericksen (Baltimore, Md.) 


10360: 

Seide, Paul. Plastic compressive buckling of simply 
supported plates on interior elastic supports. J. Aerospace 
Sci. 27 (1960), 921-925, 950. 

The author studies the plastic stability of hinged 
rectangular plates uniformly compressed in one direction, 
with lateral elastic support uniformly distributed: 
(a) over the surface ; over equispaced lines (b) parallel to 
and (c) transverse to the compression ; (d) at equispaced 
points. Plate “energy” ( ing no strain reversal) is 
computed by the deformation theory for plastic-plate 
stability of Stowell and Bijlaard, using the elastic flexural 
stiffness modified by functions of the elastic, secant and 
tangent material moduli. General design curves are given 
for (a) and methods for obtaining these from published 
data for (b) and (c). Perfect shape and infinitesimal dis- 
placement are assumed. 

L. H. Donnell (Ann Arbor, Mich.) 


10361: 

Mitra, D. N. Stresses within elastic-plastic spherical 
shell under uniform Proc. 4th Congress Theoret. 
Appl. Mech. 1958, pp. 85-88. Indian Soc. Theoret. Appl. 
Mech.., ur. 

The author considers a thick-walled sphere of external 
and internal radii a and 6, respectively, loaded on the 
outer surface by a pressure p, and on the inner surface 
by +. Tresea’s yield condition has been assumed and the 
stress-strain relation in the region deformed ineiastically 
in the form proposed by K. H. Swainger [Philos. Mag. (7) 
36 (1945), 443-478 ; p. 448]. The problem has been reduced 
to a transcendental equation, the unknown being ro, the 
radius of the outer boundary. Knowing ro, the stresses in 
both zones (elastic and plastic) can be computed. 

W. Urbanowski (Warsaw ) 


10362: 

Hodge, P. G., Jr. Plastic analysis of circular conical 
shells. J. Appl. Mech. 27 (1960), 696-700. 

The problem considered is the plastic collapse of a 
right circular conical shell subjected to point loading 
applied at the vertex parallel to the axis. Results are 
obtained using a yield condition for thin shells based on the 
work of Onat and Prager [Neder. Akad. Wetensch. Proc. 
Ser. B 57 (1954), 534-548; MR 16, 649] and the author 
[J. Appl. Mech. 27 (1960), 323-331; MR 22 #2168]. The 
collapse load, which is independent of the type of support, 
is found to be 27M» cos* a, where « is the edge angle of 
the shell and Mo is the fully plastic bending moment. 
Some results are also given for distributed loading. The 
work is further extended to give bounds on the collapse 
of a rotationally symmetric shell subjected to point 
loading. G. Eason (Newcastle-upon-Tyne) 


10363 : 

Sokolovsky, V. V. Axial plastic flow between non- 
circular cyli Arch. Mech. Stos. 12 (1960), 173-183. 
(Polish and Russian summaries) 

This paper concerns perfectly plastic axial flows between 
two cylinders which may not be circular in cross-section. 


A total-strain theory of plasticity is employed. Velocity 
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and stress potential functions are introduced and the re- 
sulting analysis takes place in the complex plane. By way 
of illustration the problem of flow between two confocal 
ellipses is solved numerically. W. HZ. Boyce (Troy, N.Y.) 


10364: 

Reiner, M. Plastic yielding in anelasticity. J. Mech. 
Phys. Solids 8 (1960), 255-261. 

The paper is concerned with a “standard linear solid” 
or “Poynting-Thomson body” (PTh) whose anelastic 
behavior in simple tension may be defined by a model 
consisting of a linear spring in series with a dashpot, the 
whole connected in parallel with a second spring. The 
question is posed as to the analogue of yielding for a 
PTh body. The proposed answer is based on an extension 
of the Mises yield condition for an elastic-perfectly plastic 
body through its physical interpretation. 

Thus it is recognized that the Mises condition states 
that yielding occurs when the elastic energy of distortion 
reaches a critical value and a yield condition for a PTh 
body is proposed in the form “yielding takes place when 
that part of the distortion stress-work which is conserved 
as elastic energy’ reaches a critical value. 

The consequences of this definition for tensile tests of 
two types are explored. For deadweight loading it is found 
that there exist two critical values of the stress which 
define three regions: for sufficiently low stress yielding 
never occurs, for sufficiently high stress yielding occurs 
instantaneously, for intermediate stress yielding occurs 
after a finite time lag. In a constant strain-rate test the 
strain at yield is a decreasing function of the applied strain 
rate é whereas the stress at yield is an increasing function 
of é. The predicted behavior in the two types of test are 
in qualitative agreement with experiment for many 
materials. P. G. Hodge, Jr. (Chicago, Til.) 


10365 : 

Perrone, Nicholas; Hodge, P. G., Jr. On _ strain- 
hardened circular cylindrical shells. J. Appl. Mech. 27 
(1960), 489-495. 

The authors discuss the plastic behavior of rotationally 
symmetric sandwich shells. The shell material is assumed 
to be rigid-strain hardening, satisfying Tresca’s yield con- 
dition, and the strain hardening is assumed to obey the 
kinematic hardening theory of Prager applied in principal 
stress space. The appropriate relations between stress 
rates and strain rates are derived, and the possibility of 
their integration briefly discussed. This approach is 
termed complete hardening. An approximate and much 
simpler theory, called direct hardening, results from the 
application of Prager’s kinematic hardening directly to 
the two-dimensional initial yield condition. 

Both theories are applied to circular cylindrical shells 
subject to uniform external pressure but no axial loads, 
and the results are compared. In all cases considered the 
stresses agree within 10%, but the displacements agree 
much better (3%) for long shells than for short shells 
(25%). In a concluding section the authors discuss this 
observation as well as other qualitative aspects of the 
problem. W. E. Boyce (Troy, N.Y.) 


10366 : 
Onat, E. T. The influence of geometry changes on the 
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load-deformation behavior of plastic solids. Plasticity: 
Proceedings of the Second Symposium on Naval Struc- 
tural Mechanics, pp. 225-238. Pergamon, Oxford, 1960, 
Criteria for stability and uniqueness of solution in the 
general boundary-value problem for a rigid/plastic con- 
tinuum were proved by R. Hill [J. Mech. Phys. Solids 5 
(1957), 153-161; 6 (1957), 1-8; MR 19, 597, 1114]. This 
paper reviews the proofs of these theorems in relation to 
a specific problem, namely, a plane curved rod under 
distributed loading in its plane. As a specimen calculation 
a semi-circle, built-in at both ends and centrally loaded 
by a single point force, is considered. When the material 
does not harden, the load-deflection curve initially has a 
finite slope, due entirely to the geometry changes; this 
slope is determined for either direction of loading. When 
the material hardens, however, the slope is infinite. 
R. Hill (Nottingham) 


10367 : 

Olszak, W.; Zahorski, 8. The notion of non-homo- 
geneity as applied to a problem of continued plastic flow. 
Problems of continuum mechanics (Muskhelishvili anni- 
versary volume), pp. 311-326. SLAM, Philadelphia, Pa., 
1961. 

The plane problem of plastic flow in an excentric ring 
under the action of internal and external pressure is ana- 
lyzed with the aid of a particular type of conformal map- 
ping developed by the first author, leading to various types 
of non-homogeneity. A. M. Freudenthal (New York) 


10368 : 

Drucker, D. C. Extension of the stability postulate 
with emphasis on temperature changes. Plasticity: Pro- 
ceedings of the Second Symposium on Naval Structural 
Mechanics, pp. 170-184. Pergamon, Oxford, 1960. 

Interrelations of mechanical and thermal effects in 
elastic-plastic media are discussed on the basis of analyti- 
cal “stability” postulates rather than physical reality. 
Conclusions referring to ideal plastic media are necessarily 
trivial as long as the assumption of incompressibility is 
retained. In the discussion of elastic-plastic media the 
consideration of Z and @ as independent material con- 
stants would seem an inadmissible oversimplification in 
the context of the particular argument. There seems to 
be no basis for the author’s misgivings (p. 178) concerning 
the coupled thermo-elastic problem, while the arguments 
just do not apply to the plastic problem because the 
implied incompressibility is only consistent with a value 


a=0. A. M. Freudenthal (New York) 
10369: 
Slapék, Pavel. Probleme der Plastizi- 


tiitstheorie. Apl. Mat. 5 (1960), 319-340. 
sian, and German summaries) 

Basic assumptions of the theory of isotropic plasticity 
(stress-strain relations, yield conditions, extremum princi- 
ples and strain-hardening) are reviewed and summarized. 

A. M. Freudenthal (New York) 


(Czech, Rus- 


10370: 


Nakanishi, Fujio; Sato, Yasuo. Influence of inter- 


mediate principal stress on plastic flow. Bull. JSME 3— 


(1960), 54-59. 
Authors’ summary: “The authors propose a theory of 
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plasticity in which it is assumed that plastic deformation 
is composed of shears in three mutually perpendicular 
directions. It is shown that according to this theory the 
yield condition in the o1, oz plane is a dodecagon which 
differs little from Mises ellipse. This conclusion is checked 
experimentally by loading tubes in combined tension and 
torsion.” A. Phillips (New Haven, Conn.) 


10371: 

Lerner, 8.; Prager, W. On the flexure of plastic 
plates. J. Appl. Mech. 27 (1960), 353-354. 

A horizontal rhomboid plate is of uniform thickness h, 
semidiagonals a and 6b, and yield stress oo. Referred to 
coordinate axes along the diagonals, it is subjected to 
vertical loads P at the four corners acting down on the 
z-axis and up on the y-axis. If edge effects are ignored the 
authors show that a uniform moment field M,=—~m, 
M,=my*, where m is a positive constant and y=b/a is 
appropriate for a rigid, perfectly plastic material. The 
yield point load P* for any yield condition is 


P* = —2yM,z = (2/y)My. 


The authors suggest that experimental determination of 
P* for a range of ratios y could determine the second 
and fourth quadrants of the yield locus in an M,, My 
plane. In a single experiment with y=1 (square plate) 
they obtain close agreement with the predicted value of 
the Mises yield criterion. 

P. G. Hodge, Jr. (Chicago, Ill.) 


10372: 

Ma, B. M. A further creep analysis for rotating solid 
disks of variable thickness. J. Franklin Inst. 269 (1960), 
408-419. 

In 1958 Wahl [J. Appl. Mech. 25 (1958), 243-250] 
established the equations for creep of a rotating disk of 
uniform thickness based on the Tresca yield criterion and 
& power creep-rate law. Here the results are extended to 
a variable-thickness disk, and an exponential creep-rate 
law is used. The solution is obtained in closed form and 
explicit results are given for a disk with hyperbolic profile. 

P. G. Hodge, Jr. (Chicago, Tl.) 


10373: 

Zyczkowski, Michal. Geometrically non-linear creep 
buckling of bars. Arch. Mech. Stos. 12 (1960), 379-411. 
(Polish and Russian summaries) 

The equations governing creep-buckling are formulated 
for initially slightly curved struts of Maxwell material 
with linear as well as with non-linear (power function) 
viscosity, introducing the rigorous relation between 
deflection and curvature. The resulting non-linear partial 
differential equations are solved by an approximate 
method (collocation) and the results obtained for linear 
(n=1) and specific non-linear (n=3) viscosity are com- 
pared. It appears that the effect on creep-buckling of 
moderate non-linearity in the viscous flow is not very 
significant. A. M. Freudenthal (New York) 


10374: 
Arutiunian, N. Kh.; Manukian, M. M. Torsion of 
circular rods of diameter under conditions of 


unsteady creep. Problems of continuum mechanics 
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(Muskhelishvili anniversary volume), pp. 1-20. SIAM, 
Philadelphia, Pa., 1961. 

An axially symmetric rod of varying diameter is twisted 
by a time-dependent moment M(t). The author supposes 
Or =09=02=T2=0 and a non-linear creep law [N. H. 
Arutyunyan, Nekotorye voprosy teorii polzuéesti, Gosu- 
darstv. Izdat. Tehn.-Teor. Lit., Moscow, 1952; MR 19, 
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The behaviour of the material is defined by the ial. 
F(a) =a + Bo,*-!, G(t) =G =const, 
C(t, r) = o(r)[1-—exp(—y(t—7))]. 

As usually in torsion problems, a stress function U(r, z, t) 
is introduced, the condition of compatability is taken into 
account and so the problem is reduced to a non-linear 
integro-differential equation. The solution is sought in the 
form of a power series in reference to the small parameter 
B, and a suitable set of recurrent linear integro-differential 
equations is given. This method is exemplified by analyses 
of a cylindrical and conical rods in conditions of unsteady 
creep torsion. J. Murzewski (Krakéw) 
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10375: 

Berry, D.S. An elastic treatment of ground movement 
due to mining. I. Isotropic ground. J. Mech. Phys. 
Solids 8 (1960), 280-292. 

The mechanism of subsidence following the extraction 
of minerals in mining operations has been sought to be 
explained by the theory of dislocation in the classical 
linear elasticity. In a rather long introduction, references 
have been made to previous work on ground movement, 
and therefrom it is concluded that the greater the depth 
of mining, the more important is the elastic effect. The 
three conceivable states of the excavation, namely, non- 
closure, partial closure and complete closure, may be 
idealised to the three forms of displacement discontinuity 
(or dislocation) in an elastic body. The solution for a 
partially closed excavation of infinite length in an infinite 
medium is obtained by the complex-variable method of 
plane elasticity, treating the ground as isotropic and 
homogeneous. From this solution are derived, as limits, 
the results for the other two cases. The corresponding 
results for a semi-infinite medium are found only approxi- 
mately for unclosed and partially closed panels, but 
exactly for complete closure. In the last case the dis- 
placement at the plane boundary is independent of the 
elastic constants. 

The paper is an excellent technical application of the 
solution of a so-called mixed boundary-value problem of 
elasticity. (See also the next review.) 

G. Paria (Kharagpur) 


10376 : 

Berry, D. S.; Sales, T. W. An elastic treatment of 
ground movement due to mining. II. Transversely iso- 
tropic ground. J. Mech. Phys. Solids 9 (1961), 52-62. 

This is the second of a series of papers (see previous 
review for first paper) in which the mechanism of subsi- 
dence in mining operations has been investigated by 
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identifying the excavation with the displacement dis- 
continuity of an elastic body. The first paper was con- 
cerned with the isotropic ground while, in the present 
one, the ground is supposed to be transversely isotropic. 
By the method of complex variables the non-closure, 
partial closure and complete closure solutions are found 
for the infinite medium, and the corresponding results 
for the semi-infinite medium are derived (the complete 
closure solution exactly, but the other two only approxi- 
mately). For a deep excavation, the shape of the subsi- 
dence curve depends upon only two parameters, functions 
of four elastic constants involved. A method of deducing 
these parameters from a graph of measured subsidence is 
also given. G. Paria (Kharagpur) 


10377 : 

Aggarwala, B. D. Thermal stresses in spherical shells 
of visco-elastic materials. Z. Angew. Math. Mech. 40 
(1960), 482-488. (German and Russian summaries) 

The title of the paper is somewhat misleading inasmuch 
as the material considered is of a very special type. It is 
assumed to behave as a Hookean solid below a certain 
critical temperature 7',, and to act as a fluid above that 
temperature. Using an approximate solution of the 
unsteady heat equation, the author calculates the stress 
distribution in the sphere for time ¢-—> © with initial 
temperature distribution given by 7’ = T'o/r > T-. 

H. Parkus (Vienna) 


10378 : 

Ionescu-Cazimir, V. Sur les équations de l’équilibre 
thermo-élastique. V. Un théoréme d’unicité pour le 
probléme de l’équilibre thermo-élastique. Com. Acad. 
R. P. Romine 9 (1959), 1117-1120. (Romanian. Rus- 
sian and French summaries) 

[For part IV see Acad. Repub. Pop. Romane, Bul. Sti. 
Sect. Sti. Mat. Fiz. 4 (1952), 547-554; MR 15, 841.] 
The author considers the coupled field equations in the 
linearized theory of thermoelasticity for homogeneous and 
isotropic solids. He establishes the uniqueness of the 
solution to these equations provided the temperature and 
the traction vector are prescribed on the boundary at all 
times, while initially the temperature and the stress 
tensor are assigned functions of position in the interior. 
The identical argument of Kirchhoff’s type, resting on an 
energy inequality for the difference between two assumed 
solutions, was used by Weiner (Quart. Appl. Math. 15 
(1957), 102-105; MR 19, 484] to prove the uniqueness of 
the solution if the displacements (rather than the tractions) 
are given on the boundary. {Reviewers’ note: The 
hypothesis, introduced by Weiner and retained by the 
present author, that the shear modulus » and Lamé’s 
modulus A are both positive, is unduly restrictive; it 
suffices to require that (3A + 2) > 0. Also, it is immediate 
that the proof accommodates mixed-mixed 
boundary conditions for the displacements and stresses, 
as well as all of the standard boundary conditions for the 
temperature arising in the linear theory of heat con- 
duction. Finally, there is no need to restrict the argument 
to isotropic solids.} E. Sternberg (Providence, R.I.) 

C. Truesdell (Bologna) 


10379 : 
Nowacki, W. On some dynamical problems of thermo- 
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elasticity. Problems of continuum mechanics (Musk- 
helishvili anniversary volume), pp. 291-305. SIAM, 
Philadelphia, Pa., 1961. 

For the coupled thermo-elastic equations solutions are 
obtained which have a harmonic time dependence and 
depend only on one space coordinate. These simple 
solutions, which can be obtained in closed form, pertain 
to the action of point, linear and plane heat sources and 
centres of pressure in infinite media and to the thermal 
and elastic loading of spherical and cylindrical cavities. 
It is noted that the conclusions made concerning the 
influence of the temperature field on plane harmonic 
waves (Chadwick and Sneddon, J. Mech. Phys. Solids 6 
(1958), 223-230; MR 20 #635] can be applied also to 
spherical and cylindrical waves. Finally, the axisym- 
metric problem for the heating of the plane boundary of 
an elastic half-space is considered. 

F. J. Lockett (Sevenoaks) 


10380: 

Singh, Avtar. Axisymmetrical thermal stresses in 
transversely isotropic bodies. Arch. Mech. Stos. 12 (1960), 
287-304. (Polish and Russian summaries) 

The steady-state axisymmetric thermal stress problem 
is treated for a material which is isotropic only for direc- 
tions perpendicular to the axis of symmetry. A stress 
function approach is used and body forces are taken into 
account in the general solutions. As an illustration a 
thorough treatment is given to the problem of the applica- 
tion of a constant temperature field to a circular region of 
the stress-free boundary of a semi-infinite medium, the 
remainder of the boundary being thermally insulated. 
Solutions are obtained numerically for a particular 
material and are compared with those for a completely 
isotropic material. It is interesting to note that, although 
the stress field is plane and parallel to the boundary for 
isotropic materials, it is no longer so for transversely 
isotropic materials, but the out-of-plane components will 
usually be small compared with the in-plane components. 

F. J. Lockett (Sevenoaks) 


10381 : 

Das, Bikas Ranjan. Thermo-elastic stresses in an 
infinite slab resting on an insulating plane and having an 
isolated heat-source at the upper surface. Z. Angew. 
Math. Mech. 41 (1961), 136-138. 

The title problem is solved for a steady-state heat source, 
and a slab fixed at its lower surface. 

F. J. Lockett (Sevenoaks) 


10382: 

Aggarwala, B. D.; Saibel, Edward. Tempering stresses 
in visco-elastic and plates. Proc. 5th Congr 
Theoret. Appl. Mech. (Roorkee, 1959), pp. om 115-C. 132, 
Indian Soc. Theoret. Appl. Mech., 

‘The toatienial: io thaneeb-cleciie in dilatation and. cals 
like a standard linear solid in shear with the generalisation 
that the coefficients in the stress-strain relations can 
depend on the coordinates and on the temperature. 
Unfortunately the solution for the sphere has little practi- 
cal value because the authors have replaced the usual 
boundary condition on the outer surface by the implicit 
assumption that e.=0 on the inner surface. The stresses 
in the plate depend only upon distance from the centre 
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plane and upon time. In an explicit example, the behaviour 
in shear is that of an ideal liquid above a critical tempera- 
ture and that of an elastic solid below. 

D. R. Bland (Manchester) 


10383: 

Katasonov, A. M. On an axially symmetric dynamical 
problem in thermo-elasticity for a half-space. Vestnik 
Moskov. Univ. Ser. Mat. Meh. Astr. Fiz. Him. 1959, 
no. 2, 33-38. (Russian) 

The boundary of a half-space in rest is suddenly 
exposed to an axially symmetric temperature distribu- 
tion, the corresponding thermo-elastic problem being 
treated as a dynamical one. Using two thermo-elastic 
potentials, longitudinal ¢(r, z,¢) and transverse y(r, z, t), 
the problem is reduced to a solution of two differential 
equations (A) involving g, ~ and temperature, which is 
found by an operational procedure. Equations (A) are 
solved using the method of incomplete separation of 
variables and the operational procedure. In an acoustic 
case the stress is zero at t=0, it increases during the time 
interval 0 <t<z/e (c=wave velocity), at t=z/c suffers a 
discontinuity, and then tends to zero. 

J. Nowinski (Austin, Tex.) 


10384: 

Piechocki, Wladyslaw. Axisymmetric dynamic prob- 
lem of icity for a solid sphere. Arch. Mech. 
Stos. 12 (1960), 553-561. (Polish and Russian sum- 
maries) 

The temperature and stresses set up in an isotropic 
elastic sphere by a source of heat at an interior point of 
the sphere, the intensity of the source varying harmoni- 
cally with time, are obtained in the form of infinite series. 
The approximate equations of dynamic thermo-elasticity, 
a coupling term being absent from the equation for the 
temperature, are used and the boundary of the sphere is 
supposed stress-free and at zero temperature. 

W. D. Collins (Newcastle-upon-Tyne) 


10385 : 

Ignaczak, Jézef. The axially symmetric boundary- 
value problem of thermoelasticity for a i i 
shell of any thickness. Arch. Mech. Stos. 12 (1960), 
415-435. (Polish and Russian summaries) 


STRUCTURE OF MATTER 
See also 10268, 10269, 10271, 10272, 10717, 10720. 


10386 : 

Berthelot, André. %Radiations and matter. English 
translation by F. R. Paulsen. Leonard Hill [Books] Ltd., 
London, 1958. vii+180 pp. $5.75. 

M. Berthelot has taught for many years at the Faculty 
of Sciences in Paris, and this book contains the substance 
of his lectures on the interactions of photons, electrons, 
protons and alpha-particles with matter. The subjects 
covered include elastic collisions, the slowing down of 
charged particles, ionization, stopping power, Coulomb 
interactions, Bremmstrahlung, X-rays and the photo- 


electric and Compton effects. The text is well illustrated 
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by numerous graphs and tables, and relevant mathe- 
matical formulae are quoted. Though some references 
bring the account up to about 1954, the choice of subject 
matter and the general approach is that of the era of 
classical radioactivity. Even within this field insufficient 
use is made of more modern developments, and no attempt 
is made to show the quantum-mechanical basis of the 
phenomena described. Quantum-mechanical and relati- 
vistic formulae are occasionally quoted, but there is no 
mention of mesons and hyperons, and only i 

reference to neutrons and neutrinos. The original title 
Rayonnements de particules atomiques, electrons et photons 
is thus a more accurate indication of the scope of the 
book than the present abbreviated one. The translation 
from the French is often too literal for easy reading in 
English. P. E. Hodgson (Oxford) 


10387 : 
Ambegaokar, Vinay; Kohn, Walter. Electromagnetic 
ies of insulators. I. Phys. Rev. (2) 117 (1960), 
423-431. 

The theory of dielectric constants and magnetic 
permeabilities of material media expressed in terms of 
space- and time-averaged properties of molecular properties 
of the media is one of the oldest chapters of electro- 
magnetic theory. In recent years the development of 
the so-called many-body quantum-mechanical theory of 
matter has led a number of authors to re-work the theory 
of dielectrics within the mathematical framework of the 
new approach. The physical assumptions adopted in the 
many-body theory are virtually the same as in the older 
phenomenological method, so that the primary interest 
in the new technique lies in its methodology, rather than 
in the derivation of essentially new results. 

In this paper the authors lay the foundations for the 
many-body theory of dielectrics for the case of long wave- 
length exciting fields. The method used is that of studying 
various types of modified Feynman graphs representing 
the reaction of the electrons in the medium to the exciting 
field. In view of the schematic character of the theory, 
corresponding to the phenomenological character of the 
older classical theory, these graphs need not be discussed 
in detail, and it suffices to express only certain general 
properties which describe the polarization and the cur- 
rents generated in the medium. It is shown how the 
dielectric constant can be defined in terms of certain sums 
over the excitation states of the electrons, similar in 
character to the Kramers-Heisenberg dispersion formula. 

EZ. L. Hill (Minneapolis, Minn.) 


10388 : 

Ambegaokar, Vinay. Electromagnetic properties 
insulators. II. Phys. Rev. (2) 121 (1961), 91-103. 

The theory of dielectrics as a many-body problem, given 
by Ambegaokar and Kohn [preceding review] is here 
applied to a more particular case. A single exceptional 
electron, such as an electron from a donor atom in a 
semiconductor, is considered to move in a dielectric under 
the influence of an external electromagnetic field, in the 
limit of long wavelengths. The principal aim is to give an 
interpretation of the apparent mass m* of the electron 
under these conditions. The effective mass is defined, as is 
usual, in terms of the curvature of the energy surface 
which contains the ground state and low-lying excited 
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states. It is then shown that in the limit of long wave- 
lengths the response of the electron to the field is that of 
a particle of mass m* moving in a polarizable medium 
characterized by the dielectric constant as interpreted by 
the theory. This conclusion is in agreement with earlier 
interpretations of the effective mass which have been 
made by other authors. The energy levels in a static 
external magnetic field are discussed, and a dispersion 
relation connecting the effective mass with the optical 
constants of the medium is stated. 

E. L. Hill (Minneapolis, Minn.) 


10389: 

Keffer, F.; Loudon, R. Simple physical theory of spin 
wave interactions. J. Appl. Phys. 32 (1961), supplement, 
28-78. 

Results previously obtained by Dyson and Oguchi for 
spin-wave interactions are here obtained by a simple 
new method. In the case of a ferromagnet the properties 
of the continuous medium model are calculated. 

8S. Simons (London) 


10390: 

Ahiezer, A. 1.; Bar’yahtar, V. G.; Kaganov, M.I. Spin 
waves in fi ts and antif = my 4 
Uspehi Fiz. Nauk 71 (1960), 533-579; 72 (1960), 3-32 
(Russian); translated as Soviet Physics. Uspekhi 3 
(1961), 567-591, 661-676. 

In magnetic materials there exists a strong correlation 
of the spin directions for electrons belonging to neigh- 
boring atoms. Small deviations from the ground state of 
fixed total spin can be interpreted as the effect of spin 
waves which travel through the medium. The concept of 
spin waves thus provides a basis for the calculation of 
those properties of the material which are dependent 
directly on the magnetic polarization. 

An extensive review of this theory is given, as it has 
been developed during the last three decades. The mathe- 
matical procedures are the usual ones of Hamiltonian 
quantum dynamics, expressed in terms of creation and 
annihilation operators for the quasi-particles associated 
with traveling spin waves. Bogolyubov’s technique of 
canonical transformations is used in the quantization of 
the spin waves. 

The authors apply this theory to the calculation of a 
wide variety of dynamic, thermodynamic, and magnetic 
properties of non-conducting ferromagnetic and anti- 
ferromagnetic substances. Emphasis is placed entirely on 
the derivation of theoretical formulas. 

E. L. Hill (Minneapolis, Minn.) 


10391 : 

Brout, R. Ferromagnetic spin waves. Physica 26 
(1960), supplement, § 215-S 217. 

The random-phase approximation can be used for a 
ferromagnetic system to give a meaningful theory at all 
temperatures. It gives a spin-wave theory at low tempera- 
tures (with deviations from Dyson’s theory), and agrees 
with the spherical model for the critical temperature and 
above that temperature. D.J. Thouless (Birmingham) 


10392: 

Kittel, C. Excitation of spin waves in a ferromagnet 
by a uniform rf field. Phys. Rev. (2) 110 (1958), 1295- 
1297. 


1772 





STRUCTURE OF MATTER 


Author’s summary: “It is possible to excite exchange 
and magnetostatic spin waves in a ferromagnet by a 
uniform rf field, provided that spins on the surface of the 
specimen experience anisotropy interactions different 
from those acting on spins in the interior. Modes with an 
odd number of half-wavelengths should be excited in a 
flat plate. The definition of what is meant by a different 
anisotropy interaction is worked out and is a rather 
lenient condition. Experiments which would determine 
the exchange-energy constant should be possible using 
sufficiently thin platelets of single crystals having 
faces. It is perhaps not unlikely that the theory may 
account for the observation by Waring and Jarrett of a 
large number of resonance peaks in NiMnOs3.”’ 


10393 : 

Cofta, H. Spin-wave resonances in antiferromagnetics. 
Acta Phys. Polon. 19 (1960), 187-191. 

Author’s summary: “The purpose of this paper is to 
ascertain whether a spin-wave resonance effect in anti- 
ferromagnetics analogous to that predicted by C. Kittel 
[#10392] for ferromagnetics is possible. By means of 
semiclassical formalism, the author shows the possibility 
of exciting odd modes of spin waves in antiferromagnetics 
and calculates the resonance values of applied magnetic 
field for these modes. Each mode can be excited by two 
different values of applied field. The investigated pheno- 
menon might be probably observable in films 3—10 times 
thicker than in the case of ferromagnetics.” 


10394 : 

Cofta, H. Ferrimagnetic spin-wave resonance. Acta 
Phys. Polon. 19 (1960), 193-198. 

Author’s summary: “The purpose of the present paper 
is the theoretical investigation of the possibility of exciting 
spin-wave modes in ferrimagnetics by an uniform rf field. 
Ferrimagnetics with parallel spins as well as those with 
antiparallel spins have been considered. The resonance 
values of applied magnetic field for allowed odd modes of 
spin waves and for a given value of the frequency of rf 
magnetic field are obtained. For even modes the reson- 
ances do not appear, provided that eddy currents can be 
neglected and that spin waves have nodes at the boun- 
daries. In the special case of ferromagnetics one gets the 
formula of Kittel [#10392] and in the case of antiferro- 
magnetics the resonance formula goes over into that 
derived by Cofta [#10393]. The author estimates also the 
interval between successive odd-mode peaks.” 


10395: 

Gincburg, M. A. Ex effects in fi i 
resonance. Z. Eksper. Teoret. Fiz. 35 (1958), 1047-1049 
(Russian); translated as Soviet Physics. JETP 8 (1959), 
730-731. 

A dispersion law is derived for the propagation of 
electromagnetic waves in a gyrotropic medium, inclusive 
of the effects of electron-spin waves. The theory is semi- 
classical in nature, the magnetic susceptibility being first 
computed from the equations of motion of the magnetiza- 
tion vector of the medium, this expression being then 
inserted into the equations for propagation of electro- 
magnetic waves in a gyrotropic medium. The dispersion 
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law exhibits three branches, combining the effects of 


ordinary and extraordinary electromagnetic waves with 
spin waves. E. L. Hill (Minneapolis, Minn.) 


10396 : 

Gincburg, M. A. The theory of spin waves. Fiz. 
Tverd. Tela 2 (1960), 913-921 (Russian); translated as 
Soviet Physics. Solid State 2, 833-840. 

The dispersion law (wavelength as a function of fre- 
quency) for electron spin waves in ferromagnetic sub- 
stances is discussed on various views of the nature of 
these waves. These differing views center around the 
relative importance of the Pauli principle (exchange 
interaction) and of electromagnetic effects in determining 
the properties of the waves. The analysis derives from the 
theory given in an earlier paper by the author [#10395]. 

E. L. Hill (Minneapolis, Minn.) 


10397 : 

Samoilovit, A. G.; Tovstyuk, K. D. Energy spectrum 

of current carriers in semiconductors of the germanium 

Z. Tehn. Fiz. 27 (1957), 1753-1763 (Russian) ; 
translated as Soviet Physics Tech. Phys. 2 (1957), 1629- 
1638. 

A new theory is proposed for the behavior of holes and 
valence electrons in semiconductors of the germanium 
type. The basic energy states are considered to be mole- 
cular o-type states connecting neighboring atoms, in the 
normal condition each state being capable of holding two 
electrons. Excited states are also allowed. The absence of 
an electron in such a molecular bonding state is inter- 
preted as a hole. The lattice consisting of the family of 
electron clouds formed by these states can differ from the 
crystal lattice, so that holes and excited electrons have 
their own characteristic lattices. 

Calculations on this model are carried out by the 
method of second quantization. Formulas are developed 
for the energy spectra of the holes and electrons, and for 
the effective mass of the holes. The authors emphasize 
the aim of their theory to combine the many-electron 
approach with the concept of chemical bonding forces, 
and so to go beyond the limitations of the one-electron 
theory of semiconductors. 

E. L. Hill (Minneapolis, Minn.) 


10398 : 

Stivel’man, K. Ya. Energy for holes in 
diamond type crystals. Fiz. Tverd. Tela 2 (1960), 644— 
650 (Russian) ; translated as Soviet Physics. Solid State 2, 
598-604. 

The procedure proposed by A. G. Samoilovié and K. D. 
Tovstyuk [see #10397] is developed analytically to provide 
an energy for the carriers in p-type germanium 
and silicon. Particular attention is given to the effect of 
spin-orbit interactions as compared with the intrinsic 
energy of a hole. EZ. L. Hill (Minneapolis, Minn.) 


10399 : 

Guttman, Lester. Monte Carlo com on the 
Ising model. The body-centered cubic lattice. J. Chem. 
Phys. 84 (1961), 1024-1036. 

A detailed report of some Monte Carlo calculations made 
to test the applicability of the Ising model of a metallic 





crystal. {The reviewer is not competent to judge the 
physical correctness of the work, but, ing this, the 
work shows that the method used (Monte Carlo) does 
yield significant information.} 

R. R. Coveyou (Oak Ridge, Tenn.) 


10400: 
Leibfried, G.; Ludwig, W. Gleichgewichtsbedingungen 
Gittertheorie. Z. Physik 160 (1960), 80-92. 


in der 
(English summary) 
The motion of atoms in a lattice depends on the 
nature of the interatomic forces, which are mathemati- 
cally described by “coupling parameters”. The forces are 
not usually known experimentally, and a very large set 
of coupling parameters is therefore possible a priori. It is 
therefore important, if the theory is to resemble reality, 
that use be made of any conditions that restrict the 
possible values of the coupling parameters. Symmetry 
and stability provide such conditions. In this paper, 
several such relations are derived from stability. The 
relation which results from considering harmonic forces is 
found to be identical with one previously obtained by 
Kun Huang as a compatibility condition between lattice 
dynamics and macroscopic elasticity. This is of particular 
interest because Huang’s derivation had been questioned 
by others. H. B. Rosenstock (Washington, D.C.) 


10401: 

MaSkevit, V. S. The dipole approximation in the 
microscopic theory of crystals. I. Lattice vibrations as 
affected by electronic di ion. Fiz. Tverd. Tela 2 
(1960), 2629-2636 (Russian) ; translated as Soviet Physics. 
Solid State. 2 (1961), 2345-2351. 

An infinite set of difference equations is derived which 
determines the characteristic frequencies and amplitudes 
of vibrations of the atoms in a solid. Electromagnetic 
interaction between nuclei and electrons (i.e., charge 
distortion) is taken into account with fewer restrictive 
assumptions than in previous treatments. The equations 
derived are (necessarily) quite complex, and it is not clear 
whether they will be useful for study of the analytical 
structure of the dispersion relation or frequency spectrum, 
or for numerical computations. 

H. B. Rosenstock (Washington, D.C.) 


10402: 

Baym, Gordon. Thermodynamic Green’s function 
methods in neutron scattering by erystals. Phys. Rev. 
(2) 121 (1961), 741-747. 

Formal expressions are obtained which describe the 
interaction of a neutron with a vibrating lattice which is 
not necessarily “harmonic”’, i.e., a lattice in which the 
displacement of a nucleus is not necessarily a linear 
function of the forces exerted by the displacements of the 
other nuclei. On the other hand, the displacement of any 
nucleus “is” assumed to be a linear function of the 
forces exerted by the neutron. Involved in the expressions 
are the nuclear displacements and the phonon Green’s 
function ; approximate evaluation of the latter is promised 
in a publication elsewhere. 

H. B. Rosenstock (Washington, D.C.) 


10403 : 
Mahanty, J. On the vibration spectrum of a disordered 
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linear lattice. 1. 
(Italian summary) 
The author discusses the disordered linear lattice by 
calculating the configuration average of the eigenvalue 
equation. While this procedure is certainly wrong for 
small numbers of vibrating bodies, it may be valid in the 
limit of an infinite number of degrees of freedom. Using 
his method the author demonstrates that the first three 
moments derived from the average eigenvalue equation 
with those obtained rigorously by Domb et al 
[Phys. Rev. (2) 115 (1959), 18-36; MR 21 #6739]. Only 
the form of the secular equation is given; no results are 
derived from it. G. Weiss (Washington, D.C.) 


Nuovo Cimento (10) 19 (1961), 46-52. 


10404: 

Hori, Jun-ichi. A new picture of the vibration of linear 
lattices. J. Phys. Soc. Japan 16 (1961), 23-35. 

The author shows that the method of transfer matrices 
for describing the vibrations of one-dimensional lattices 
can be represented as the rotation of a vector in a plane. 
No new results seem to be implied by this representation. 


G. Weiss (Washington, D.C.) 


10405: 

Nardelli, G. F.; Chiarotti, A. Repanai. Equilibrium 
thermodynamic properties of a vacancy in a f.c.c. lattice 
with central interaction. Nuovo Cimento (10) 18 (1960), 
1053-1071. (Italian summary) 

The influence of a vacant lattice site on the thermo- 
dynamic equilibrium properties is investigated using 
second-order perturbation theory. Anharmonic effects are 
included in calculating elastic corrections and the volume 
dilation, but they are neglected in the calculation of the 
vibrational free energy. Reasonable agreement with 
experiments on argon is achieved, using an Einstein model 
for the frequency spectrum 


 @. Weiss (Washington, D.C.) 


10406: 

Wallis, R. F.; Maradudin, A. A. Impurity induced 
infrared lattice vibration absorption. Progr. Theoret. 
Phys. 24 (1960), 1055-1077. 

Of the Nnd normal modes of vibration of a perfect 
d-dimensional crystal consisting of N unit cells and n 
(charged) atoms per cell, at most nd have a non-vanishing 
dipole moment, and the absorption spectrum therefore 
consists of sharp lines at most nd in number. Introduction 
of an impurity into the crystal (1) modifies many of the 
normal modes, thus making their dipole moment different 
from zero and causing some absorption at all frequencies, 
and (2) may produce a small number of “localized” modes 
giving rise to additional absorption lines. This paper gives 
detailed calculations for d=1, n=1 or 2 and an “isotope” 
impurity. Interaction between impurity and boundary, 
and between two impurities, is considered. Calculations 
for the “localized” mode’s absorption for d=3 with a 
simplified force model give agreement with experiments 
on color centers in alkali halides. 

H. B. Rosenstock (Washington, D.C.) 


10407 : 

Scholz, Alfred. Bewegung von Fehistellen in Kristallen 
bei teilweiser Beriicksichtigung der elektrostatischen 
Wecehselwirkung. Z. Physik 161 (1960/61), 267—278. 
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Author’s summary: “Die potentielle Energie der 
Wechselwirkung zwischen den Fehistellen wird in den 
Ansatz fiir die Sprungfrequenzen der springenden Stérstelle 
mathematisch eingefiihrt. Dadurch ergeben sich in der 
Diffusionsgleichung fiir die Aufenthaltswahrscheinlichkeit 
einer Stérstelle neben Diffusionsterme noch Driftglieder. 
Damit kann man eine grobe Abschatzung fiir die mittlere 
Driftzeit iprn einer beweglichen Stédrstelle zu einer 
anderen fest eingebauten angeben. Diese Driftzeit wird 
als Reaktionsdauer fiir die Entstehung solcher Stér- 
stellenassoziate angesehen.”’ 


10408 : 

VainStein, B. K. A new type of connection between 
structural factors. Akad. Nauk SSSR. Kristallografiya 4 
(1959), 3-12. (Russian) 


10409: 

Emersleben, Otto. Das Selbstpotential der Gi 
in einem gleichseitigen Dreieck. Math. Nachr. 21 (1960), 
160-192. 

The paper is concerned with the determination of the 
potential due to a symmetrical distribution of identical 
charge or mass lattice points. The particular configurations 
considered are the inside of an equilateral triangle with 
n+1 points to each side, the system consisting of one 
lattice point and a straight line with n such points, as 
well as a system consisting of two sets of lattice points 
distributed symmetrically along two straight lines. The 
method used involves the solution of difference equations. 
Applications to crystallographic lattice groups are con- 
sidered. J. E. Rosenthal (Passaic, N.J.) 


10410: 

Ramachandran, G. N. On Faltung and correlation of 
functions and their application in physical 
Proc. Indian Acad. Sci. Sect. A 53 (1961), 123-135. 

A survey paper showing how the Faltung and correlation 
integrals can be applied to crystallography, micro- 
photometry and integrating meter design. There is also 
a section on applications to probability. 

All of the results presented are well known. 

A. D. Booth (London) 


FLUID MECHANICS, ACOUSTICS 
See also 10157, 10193, 10194, 10302, 10304, 
10535, 10590, 10593a—c, 10773, 10774, 10777. 
10411: 

*Handbuch der Physik. Bd. IX. Strémungsmechanik 
Ill. Herausgegeben von 8S. Fliigge. Mitherausgeber, 
C. Truesdell. Springer-Verlag, Berlin-Géttingen-Heidel- 
berg, 1960. viii+815 pp. DM 198.00. 

This volume contains six articles, which are reviewed 
below [#10412—10417]. 


10412: 

Schiffer, M. of subsonic and super- 
sonic flows. Handbuch der Physik, Vol. 9, Part 3, 
pp. 1-161. Springer-Verlag, Berlin, 1960. 
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Cet article réussit & présenter, en 155 pages, les chapitres 
essentiels de la théorie analytique des écoulements. On se 
persuadera de la difficulté de |’entreprise en examinant 
briévement la table des matiéres qui sont étudiées. 

Un premier chapitre sur les fondements physiques et 
mathématiques a pour but de donner les équations 
générales de la dynamique des fiuides parfaits, les 
théorémes généraux, quelques exemples simples (source, 
détente Prandtl-Meyer, écoulements coniques), quelques 
indications sur la théorie des caractéristiques & deux et 
trois dimensions. Le deuxiéme chapitre traite des écoule- 
ments linéaires stationnaires (régle de Prandtl-Glanert, 
surfaces portantes en subsonique et supersonique, compre- 
nant quelques indications sur |’ utilisation des parties finies 
et sur la méthode des écoulements coniques). La méthode de 
Vhodographe fait l’objet de le troisiéme chapitre ; outre les 
développements classiques sur les solutions de Chaplygin, 
il convient de signaler |’exposé original et trés synthétique 
des méthodes de Lighthill et Bergman pour construire des 
solutions multiformes de |’équation linéaire du plan de 
Vhodographe. Dans le quatriéme chapitre sont rassemblés 
les résultats récemment acquis sur l’unicité, l’existence et 
le comportement a l’infini de |’écoulement subsonique 
autour d’un profil ; le dernier chapitre, réservé a la théorie 
analytique des écoulements transsoniques, contient des 
développements sur la théorie des équations de type mixte 


(principe du maximum, unicité des problémes de Frankl et 
Tricomi, non existence de |’écoulement continu trans- 
sonique) et quelques exemples relatifs 4 des gaz fictifs 
conduisant & des solutions simples. 

Cet énoneé rapide montre la richesse des matiéres 
traitées. Comme on pouvait s’y attendre, l’accent est 
davantage mis sur les méthodes mathématiques néces- 


saires pour résoudre les problémes que sur l’esprit physique 
et pratique. Les trois derniers chapitres sont excellents (on 
aurait peut-6tre souhaité des exemples plus variés en 
transsonique). Le deuxiéme chapitre est peut-étre un peu 
trop rapide, il aurait sans doute mieux valu réserver 
étude des écoulements linéarisés pour un article indé- 
pendant; de nombreux problémes mathématiques appa- 
raissant dans cette théorie lorsqu’on essaie de résoudre 
les questions que pose l’aérodynamique, problémes qui, 
faute de place, n’ont pu étre évoqués ici. 

P. Germain (Paris) 


10413: 

Cabannes, Henri. Théorie des ondes de choc. Hand- 
buch der Physik, Vol. 9, Part 3, pp. 162-224. Springer- 
Verlag, Berlin, 1960. 

Cet article est divisé en trois parties, d’inégale longueur. 
La premiére (8 pages) est consacrée A |’établissement des 
équations des ondes de choc par une méthode plus 
satisfaisante que celle trop souvent proposée. La deuxiéme 
(25 pages) traite des ondes de choc dans les écoulements 
stationnaires. La troisiéme (25 pages), des ondes de choc 
dans les écoulements non stationnaires. Un appendice, 
trés court, donne les conditions de choc dans le cas d’un 
fluide électrisé soumis & un champ magnétique. 

Comme on le voit, l’accent est trés nettement mis sur 
le tracé des ondes de choc dans un écoulement de fluide 
parfait et l’on ne trouvera pas ici certains développements 
qui font pourtant partie de la théorie des ondes de choc. 
Par exemple, la théorie n’est que pour un gaz 
parfait & chaleurs spécifiques constantes, ce qui ne permet 
pas de présenter les discussions profondes du type de 





10413-10415 


celle donnée par H. Weyl (Comm. Pure Appl. Math. 2 
(1949), 103-122; MR 11, 626]; aucune explication n’est 
donnée sur la nature physique des ondes de choc et le 
réle que jouent dans ce phénoméne les mécanismes de 
dissipation. Ces remarques ne constituent nullement des 
critiques & l’intérieur, le cadre de son étude lui ayant 
vraisemblablement été fourni par les éditeurs du Handbuch 
der Physik. 

En ce qui concerne les problémes de détermination de 
choc, le lecteur trouvera dans cet article des informations 
solides lui permettant |’accés aux mémoires originaux ; on 
notera que la plupart des problémes fondamentaux ont 
été systématiquement évoqués, méme les plus difficiles, et 
les caractéres essentiels des solutions proposées sont 
nettement présentés. P. Germain (Paris) 


10414: 

Meyer, R. E. Theory of characteristics of inviscid 
gas dynamics. Handbuch der Physik, Vol. 9, Part 3, 
pp. 225-282. Springer-Verlag, Berlin, 1960. 

Cette étude, conformément d’ailleurs au développement 
historique, s’attaque d’abord aux écoulements non 
stationnaires par ondes planes. Aprés avoir introduit les 
variables de Riemann et discuté du point de vue qualitatif 
les problémes aux limites définissant une solution et 
l’évolution des fronts d’ondes, |’auteur donne |’expression 
de la fonction de Riemann et quelques développements 
intéressants dans le cas ot: |’écoulement en avel du choc 
ne peut étre considéré comme homentropique. Une étude 
paralléle est consacrée aux écoulements plans stationnaires 
supersoniques comprenant notamment les équations de 
focalinthe et une étude des lignes limites. Le cas des 
écoulements stationnaires de révolution est finalement 
considéré, une attention spéciale étant naturellement 
accordée au comportement singulier au voisinage de l’axe. 

Toutes ces questions sont traitées rapidement mais trés 
clairement et avec cette grande maitrise que s'est acquis 
l’auteur dans ce sujet. P. Germain (Paris) 


10415: 

Timman, R. Linearized theory of unsteady flow of a 
compressible fluid. Handbuch der Physik, Vol. 9, Part 3, 
pp. 283-310. Springer-Verlag, Berlin, 1960. 

Les écoulements linéarisés stationnaires étaient en- 
visagés dans |’étude de Schiffer. Une étude spéciale est 
réservée aux cas des écoulements non stationnaires 
linéarisés. Aprés avoir établi les équations générales, 
lauteur étudie rapidement les applications de la méthode 
de Green au profil ou a |’aile circulaire en incompressible, 
et au cas du profil en subsonique ; en particulier le réle des 
développements en série de fonctions de Mathieu, dans 
ce dernier probléme, est mis en évidence. Puis est signalée 
la méthode ramenant le probléme a la résolution d’une 
équation intégrale, dans le cas d’une aile & trois dimensions 
aussi bien en subsonique qu’en supersonique (et la 
réduction classique de ce dernier cas au cas stationnaire). 
Un court paragraphe est consacré a |’établissement des 
relations de réciprocité (mais aucune application n’en est 
faite). On peut regretter la rapidité de ces développements 
qui sont loin d’étre élémentaires. Quelques applications, 
d’ordre aérodynamique, auraient souligné |’intérét de 
cette théorie mathématique et auraient contribué a la 
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mettre en valeur. Mais telle quelle cette étude est une 
bonne introduction mathématique 4 la littérature spéciali- 
sée. P. Germain (Paris) 


10416: 

Gilbarg, David. Jets and cavities. Handbuch der 
Physik, Vol. 9, Part 3, pp. 311-445. Springer-Verlag, 
Berlin, 1960. , 

Bien qu’écrit par un mathématicien, cet article fournit 
une synthése précieuse couvrant 4 la fois les aspects 
théoriques et mathématiques de cette discipline aussi bien 
que les aspects physiques. Le premier chapitre consacré 
aux fondements physique et mathématique met fort 
heureusement de |’ordre dans une question fort complexe ; 
on appréciera, en particulier, la classification des modéles 
qui font l’objet de cette étude : sillages d’ Helmholtz (avec 
une discussion des conditions de Brillouin), modéle du jet 
intérieur recoupant |’obstacle (modéle théoriquement non 
fondé, mais qui conduit 4 des résultats pratiques en 
accord avec l’expérience), modéle de la cavité artificielle 
du type Riabouchinsky. Ces deux modéles sont imaginés 
pour tourner la difficulté théorique provenant de l’impossi- 
bilité de concevoir une cavité stationnaire finie avec un 
nombre de cavitation positif. 

Le deuxiéme chapitre fournit des solutions particuliéres, 
dans le cas od l’image dans le plan de l"hodographe permet 
l’application des méthodes de représentation conforme de 
Schwarz-Christoffel ou lorsqu’on peut appliquer la méthode 
de “‘réflexion’’ & travers les lignes de jet. D’autres méthodes 
adaptées & certaines circonstances spéciales ot |’écoule- 
ment est non stationnaire, ot |’écoulement est de révolu- 
tion et ot l’approximation linéaire peut étre appliquée 
sont également signalées. 

Le chapitre III comporte un exposé de la méthode 
classique de Levi-Civita et des beaux travaux auxquels 
elle a conduit (Leray, Lavrentieff). 

Le chapitre IV est consacré aux problémes d’existence 
et d’unicité qui, comme on le sait, ont été l’occasion de 
nombreux travaux pour les analystes et le point de départ 
de mises au point de méthodes mathématiques extréme- 
ment fécondes pour |’étude de problémes non linéaires. 
On appréciera la maitrise de l’auteur qui, en 24 pages, a 
su donner un exposé particuliérement clair de ces pro- 
blémes trés délicats. 

Le chapitre V fournit une description des principales 
méthodes numériques qui ont été proposées pour la 
résolution directe des problémes de cavité (interpolation, 
procédés de développements ou d’itération, méthodes de 
relaxation). Signalons également qu’une abondante biblio- 
graphie termine cette étude fort complete. 

P. Germain (Paris) 


10417: 

Wehausen, John V.; Laitone, Edmund V. Surface 
waves. Handbuch der Physik, Vol. 9, Part 3, pp. 446— 
778. Springer-Verlag, Berlin, 1960. 

This long article is concerned with motions in water 
subject to a gravitational force, when free surfaces or 
interfaces are present. (Not all such flows are treated here. 
Volume 48 contains articles by A. Defant on tidal motion 
and by H. U. Roll on ocean waves, and the present volume 
contains another related article on free-surface flows by 
D. Gilbarg.) The scope of the work is further explained 
in the introduction in the following words: 
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“The subject of water waves engaged many of the 
mathematicians and mathematical physicists of the last 
century. Moreover, the last several years have brought a 
renewed interest in the theory of water waves. In addition 
to this extensive literature on theoretical aspects of the 
subject, there have also been many experimental investi- 
gations, usually carried out by hydraulic engineers, 
Hydraulic engineers have also produced an extensive 
literature, both theoretical and experimental, on open 
channel flow, flow over weirs and through sluice-gates, 
etc.; included is a considerable literature on numerical 
and graphical methods of solving the equations involved, 
Oceanographers have produced their own literature, usually 
emphasizing different aspects of the subject. The theory 
of ship waves has produced its own literature. 

“All this material is pertinent to this article. Clearly 
some selection has to be made. We have followed roughly 
the following rules: Fundamental results are derived in 
full. The treatments of various special problems are 
selected so as to exemplify particular methods, other 
methods being mentioned only by literature citation. 
Experimental results are not usually reproduced, but 
references are given. Numerical methods of solving 
equations are not treated at all. The more special problems 
of hydraulic engineering are also not treated. Geophysical 
aspects which are omitted have already been mentioned.” 

The article is divided into seven chapters, as follows: 
(A) Introduction (446-447) ; (B) Mathematical formulation 
(447-455); (C) Preliminary remarks and developments 
(455-469) ; (D) Theory of infinitesimal waves (469-667); 
(E) Shallow-water waves (667-714); (F) Exact solutions 
(714-757); (G) Bibliography (757-778). Chapter E is by 
Laitone, the other chapters are by Wehausen, and it is 
convenient to discuss their contributions separately. 

Wehausen’s contribution is a review article, and a most 
valuable and thorough one. Can it be that Wehausen has 
read critically all the 700 works listed in the bibliography! 
From sample tests the reviewer is inclined to think that he 
has. It is impossible to give more than a brief discussion 
of the contents. Chapter A outlines the scope of the work. 
Chapter B gives the exact equations and boundary con- 
ditions for viscous and inviscid fluids. Chapter C discusses 
with care the schemes of approximation leading to the 
classical infinitesimal-wave and shallow-water theories, 
and also contains certain exact considerations on wave 
velocity momentum and energy. Chapter D, which forms 
the greater part of the review, is devoted almost entirely 
to the potential theory of infinitesimal waves. The velocity 
potential ¢(z, y, z, t) satisfies Laplace’s equation with simple 
linear boundary conditions. The general theory of this 
system is not yet understood. Thus for the important case 
of time-periodic motion the general uniqueness problem 
is still unsolved, and only a few partial results are known. 
A picture of surface-wave behaviour is, however, beginning 
to emerge from the solutions of a variety of boundary-value 
problems which are described in the review. Chapter F 
describes the known theory relating to the exact non- 
linear equation, a part of the subject which will be less 
familiar to readers than the theory of infinitesimal waves. 

Among omissions (probably due to lack of space) is the 
comparison with experiments which have shown that 
much of the theoretical work on inviscid fluids is directly 
applicable to real fluids. It has also been noted that several 
sections contain no reference to any other author and are 
presumably due to Wehausen himself. One of the most 
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noteworthy is section 15 on group velocity and the 
propagation of disturbances and of energy. That energy 
propagates with the group velocity has appeared to many 
students as an unexpected coincidence. It will appear less 
so after Wehausen’s discussion. 

Wehausen deserves to be congratulated on a scholarly 
and well-written review. We now turn briefly to Chapter 
E on shallow-water waves, by Laitone. This author has 
preferred to concentrate on a few aspects rather than to 
give a survey of all that is known. (Particularly on some 
non-linear aspects our knowledge at present is slight.) The 
treatment is thorough and interesting. 

To sum up, this article on surface waves is a most 
worthy contribution to the Encyclopaedia of physics 
which many workers in fluid mechanics would be glad to 
possess. Unfortunately the price of the complete volume 
is too high for a wide distribution. The publishers would 
perform a service by separate publication of this article, 
perhaps after the lapse of some time. 

F. Ursell (Cambridge, England) 


10418: 

Prandtl, Ludwig. »%Gesammelte Abhandlungen zur 
angewandten Mechanik, Hydro- und Aerodynamik. 
Herausgegeben von Walter Tollmien, Hermann Schlich- 
ting, Henry Gértler. Schriftleitung: F. W. Riegels. In 
3 Teilen. Springer-Verlag, Berlin-Géttingen-Heidelberg, 
1961. xx+xiv+xiv+1620 pp. (1 plate) DM 288.00. 

These three volumes contain 133 scientific papers of 
Ludwig Prandtl, arranged according to eight subjects: 
(1) Elasticity, plasticity and rheology; (2) Aerofoils and 
airscrews ; (3) Boundary layers ; (4) Turbulence and vortex 
formation ; (5) Gasdynamics ; (6) Meteorological applica- 
tions ; (7) Theory of model experiments ; (8) Miscellaneous. 
They also contain a chronological list of the publications 
here reprinted, a list of those not reprinted, a list of 
dissertations supervised by Ludwig Prandtl and an account 
of Prandtl’s biographical data and scientific honours 
bestowed upon him. There is also an introduction by 
Walter Tollmien which recounts the salients facts of 
Prandtl’s life and scientific work. 


10419: 
Eck, Bruno. Technische Strémungslehre. 6te neu- 
bearbeitete Aufl. Springer-Verlag, Berlin-Géttingen- 


Heidelberg, 1961. xi+453 pp. DM 31.50. 

Das nunmehr in 6. neubearbeiteter Auflage vorliegende 
Werk umfasst 10 Kapitel: Hydrostatik, Bewegungslehre, 
Einflu8 der Reibung bei ablésungsfreien Strémungen, das 
Ablésungsproblem, Bewegung fester K6rper in strémenden 
Medien, Strémung um Schaufeln und Profile, Hilfsmittel 
zur Vermeidung der Ablisung, Kavitation, Gasdynamik, 
strémungstechnische Messungen. — Da diemathematische 
Theorie der Strémungslehre als gesichert gelten kann (wenn 
man von einer zukiinftigen ‘Quantenhydrodynamik”’ 
absieht), bleibt dem Ingenieur die verdienstvolle Aufgabe, 
die praktischen Ergebnisse zahlreicher theoretischer wie 
praktischer Forschungsarbeiten aus weit verstreuten 
Quellen zu sammeln und ibersichtlich darzustellen. — 
Dieses Ziel wird vom Verfasser in vorbildlicher Weise 
erreicht. Die wird durch ein umfangreiches 


Bildwerk und zahlreiche Strémungsaufnahmen in aus- 
gezeichneter Weise unterstiitzt. — Dabei wurde in der 
neuen Auflage insbesondere den Fortschritten auf dem 
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Gebiet der Gasdynamik Rechnung getragen, so auch den 
Untersuchungen von J. Ackeret, R. Hermann, KI. 
Oswatitech, A. Busemann, J. v. Karman, H. Sprenger, 
L. F. Ryan aus den letzten 30 Jahren. — Da es inzwischen 
auch gelungen ist, die fiir die Praxis wichtigen Erschei- 
nungen bei der Bewegung fester Kérper in strémenden 
Medien nach den Grundsitzen der Ahnlichkeitsmechanik 
zu erfassen, wurde die Darstellung der Abléseerschei- 
nungen durch Erginzungen aus der neueren Diffusor- 
forschung bereichert. So ist ein Standardwerk entstanden. 

M. Pinl (Cologne) 


10420: 
Srivastava, A. C. Circulation 

J. Phys. Soc. Japan 15 (1960), 1337-1338. 

_The author claims to find a connection between the 
circulation-preserving property and superposability, but 
he does not define what he means by superposability in 
this context. {The reviewer cannot see where equation (8) 
comes from and cannot understand what the author's 
problem is.} C. Truesdell (Bologna) 


motions. 


10421: 

v. Krzywoblocki, M. Z. On recent developments of the 
mathematical theory of flow in axial compressors. Proc. 
4th Congress Theoret. Appl. Mech. 1958, pp. 107-120. 
Indian Soc. Theoret. Appl. Mech., Kharagpur. 

Author’s summary: “The fundamental equations of 
motion in either Euler’s or Crocco’s forms, equations of 
continuity, energy and state, and pressure-density relation- 
ship applied to the mathematical representation of the 
flow in axial compressors’ rotors, stators or interblade 
gaps, are expressed by means of three methods: (i) curvi- 
linear non-orthogonal coordinate system and nonlinear 
equations; (ii) curvilinear non-orthogonal coordinate 
system and linearized equations; (iii) cylindrical polar 
coordinates and streamfunctions. The flow is diabatic (the 
fluid is inviscid, non-heat-conducting, with heat addition 
or subtraction by means of sources or sinks) with the 
external forces. A brief description of the possible methods 
of solution closes the paper.” K. Maruhn (Giessen) 


10422: 

Schlichting, H.; Truckenbrodt, E. %Aerodynamik des 
Flugzeuges. Bd. 1: aus der Strémungsmechanik. 
Aerodynamik des (Teil I). Springer-Verlag, 
Berlin-Géttingen-Heidelberg, 1959. xv+455 pp. DM 
52.50. 


After a brief introduction stating the subject of the 
work, namely, astudy of the aerodynamic forces on aircraft 
and their components, there is an admirable chapter on 
air properties, the atmosphere, and similarity laws. This 
is followed by three longer chapters on incompressible 
inviscid flow, compressible inviscid flow, and boundary 
layers. These chapters are remarkably complete, if concise. 
For example, the last mentioned goes rather extensively 
into the subject of boundary-layer control, and even 
summarizes in five pages the theory of laminar-boundary- 
layer stability. Thus part A, on Fundamentals of fluid 
mechanics, constitutes a well-packed treatise in itself. 

Part B, which makes up a third of this volume and a 
half of the second volume (reviewed below), is devoted to 
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wing theory. It begins with definitions, nomenclature, and 
a tabulation of the geometries of actual airplane wings, 
and proceeds to two-dimensional airfoil theory for steady 
incompressible flow, both by means of conformal mapping 
and singularity distributions. 

There are extensive lists of references to published 
reports, papers, and books. W. R. Sears (Ithaca, N.Y.) 


10423: 

Schlichting, H.; Truckenbrodt, E. %Aerodynamik des 
Flugzeuges. Bd. 2: Aerodynamik des Tragfliigels (Teil II), 
des Rumpfes, der Fliigel-Rumpf-Anordnungen und der 
Leitwerke. Springer-Verlag, Berlin-Géttingen-Heidel- 
berg, 1960. xvi+485 pp. DM 61.50, 

This volume begins with the theory of finite-span wings 
in ideal incompressible flow ; first the Prandtl lifting-line 
theory and then lifting-surface theory, solved by several 
approximations. There is an extensive section on the 
stability derivatives of wings, i.e., the application of the 
theory to practical flight mechanics, which seems appro- 
priate for this type of book. We then proceed to wings in 
compressible flow ; for subsonic flow this consists mainly 
of corrections applied to incompressible results, and here 
the Prandtl-Glauert and other corrections are given more 
fully than in Volume I. (This is but one example of rather 
puzzling duplication of material between the “funda- 
mental” and “applied” parts of these volumes.) For 
supersonic flow, both conical-flow and singularity methods 
are exploited. There is a short section on hypersonic flow. 
The remaining two chapters, constituting part C, concern 
flow past fuselages, including wing-fuselage interactions, 
and the aerodynamics of control surfaces. The first of 
these is comparable in scope to the earlier sections on 
wings; i.e., the available small-perturbation theories in 
various speed ranges are summarized and results are given 
in comparison with experiment. The chapter on control 
surfaces is, of course, mainly an extension and application 
of wing theory. It is interesting to note that unsteady-flow 
theories have been omitted completely. Although this 
omission is covered by a disclaimer in the Preface to 
Volume I (where the subject is inaccurately called 
“aeroelasticity’’), it seems somewhat inconsistent with the 
scope of the work. 

It is clear that the title of these volumes does not mean 
the same thing that “aerodynamics of the airplane” 
usually does in English. Here it is more literally meant ; 
i.e., the subject is aerodynamics and not flight mechanics. 
In fact, comparable books in English are rare. The present 
volumes are the work of experienced research workers and 
will be extremely useful as reference books. Although they 
are not textbooks by American standards, they should also 
prove useful in connection with graduate courses in 
modern aerodynamics. W. R. Sears (Ithaca, N.Y.) 


10424: 
Kudryaveeva, N. A. Horizontal impact of a 
ellipse on an incom fluid. Prikl. Mat, Meh. 24 


(1960), 268-261 (Russian); translated as J. Appl. Math. 
Mech. 24, 370-376. 

The horizontal impact of a half-submerged elliptic 
cylinder in the surface of a fluid is studied. The usual 
approximate free-surface condition of vanishing potential 
is used but account is taken of separation. The boundary- 
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value problem is solved by conformal mapping and the 
separation angle determined. Some experimental results 
are included. R. C. MacCamy (Pittsburgh, Pa.) 


10425: 

Riabouchinsky, D. P. Contribution to mathematical 
methods applied in fluid mechanics. Partial differential 
equations and continuum mechanics, pp. 271-287, 
Univ. of Wisconsin Press, Madison, Wis., 1961. 

(1) The “dead air” region behind a sharp-nosed pro- 
jectile is compared with a gaseous jet, and by considering 
the jet to issue by a Borda’s mouthpiece from a vessel 
under pressure a formula for the resistance to the projectile 
is suggested. (2) The approximate linear equations for 
nearly uniform flow of a gas are derived with the help of a 
pair of stream functions, and reference is made to solutions 
corresponding to undulatory flows and to jets of round or 
square section. T. M. Cherry (Melbourne) 


10426: 
Williams, W. E. Waves on a sloping beach. Proc. 
Cambridge Philos. Soc. 57 (1961), 160-165. 


A function V(p, 4) is to be found such that 





eV 1eaV. 1 #@vV : 
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aV 

— V=0 Oo = —_ = = a. 

6 + n @=0, re 0 on d=a 

This problem has received considerable attention in 
recent years. The present paper presents a comparatively 
simple method of solution applicable for all real values of 
k and «. Particular values of these parameters need not be 
treated separately. Solutions logarithmic at the origin are 
obtained for all values of the parameters for which 
(2/2a)—(1/a) cos? (1/k) is not an integer. Not all of 
these have been previously obtained by Roseau. The 
present approach also yields solutions which have algebraic 


singularities at the origin. 
F. Ursell (Cambridge, England) 


10427 : 

Sen, A. R. Surface waves on fluid of finite depth due to 
arbitrary surface impulse and elevation. J. Tech. Bengal 
Engrg. Coll. 4 (1959), 105-118. 

The author discusses the wave motion produced by an 
initial impulse or elevation in a fluid of finite depth. The 
disturbances are assumed to have the form 


A(r) cos m@+ B(r) sin mé, 


where r and 6 are polar co-ordinates in the free surface and 
m is an integer. A discussion of the general three-dimen- 
sional problem by superposition is not included. A solution 
is obtained using Hankel transforms and the integrals for 
the elevation estimated for large distances. Two axially- 
symmetric cases are included with graphs of the results. 
R. OC. MacCamy (Pittsburgh, Pa.) 


10428: 

Sretenskii, L. N.; Sekeré-Zen’kovit, Ya.I. The Cauchy- 
Poisson for waves of finite am Dokl. 
Akad. Nauk SSSR 138 (1960), 544-545 (Russian) ; trans- 
lated as Soviet Physics. Dokl. 5 (1961), 677-678. 
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A certain initial velocity that varies from point to point 
is imparted to the horizontal surface of an infinitely deep 
heavy fluid lying between two vertical walls. The subse- 
quent motion is to be determined. The initial velocity 
potential is prescribed in the simple form 


¢(a, b) va 


where « is a small eter. The subsequent motion is 
expanded in powers of e. The authors state that they have 
worked out the coefficient functions as far as «4. 

F. Ursell (Cambridge, England) 
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10429: 

Johnson, Virgil E., Jr. The influence of depth of 
submersion, aspect ratio, and thickness on supercavitating 
hydrofoils operating at zero cavitation number. 2nd 
Sympos. Naval Hydrodynamics (Washington, D.C., 1958), 
pp. 317-365. U.S. Govt. Printing Office, Washington, 
D.C., 1960. 

This paper includes a fairly detailed summary of various 
theories of cavitation. A linearized solution for super- 
cavitating hydrofoils at zero cavitation number in finite 
depth is presented. The effects of camber determined from 
linear theory are combined with the exact non-linear flat 
plate solution to obtain non-linear effects for arbitrary 
sections. Some experimental results are presented with 
good agreement. It is to be remarked that critical comment 
on this paper was very favorable, the opinion being that 
it represented work of great practical importance. 

R. C. MacCamy (Pittsburgh, Pa.) 


10430: 

Rao, B. Mohan. Back-flow in a vertical shaft conveying 
a rotating fluid. Proc. 5th Congr. Theoret. Appl. Mech. 
(Roorkee, 1959), pp. C.157-C.172. Indian Soc. Theoret. 
Appl. Mech., Kharagpur. 

The simple analysis of rotating fluid conveying down a 
vertical pipe does not show the phenomenon of the back- 
flow. The author explains that the contradiction to his 
observation is due to the decrease of the angular velocity 
downward and the increase of the pressure gradient at the 
axis. S. 8. Shu (Lafayette, Ind.) 


10431 : 

Kearsley, E. A. Bounds on the dissipation of energy in 
steady flow of a viscous incompressible fluid around a 
body rotating within a finite region. Arch. Rational 
Mech. Anal. 5, 347-354 (1960). 

Consider a body of revolution rotating with constant 
angular velocity which is immersed in a viscous, in- 
compressible fluid bounded by fixed outer walls. Without 
neglecting the non-linear terms rigorous upper and lower 
bounds are derived for the torque acting on the body. Nu 
results are given for a particular geometry. 

R. C. di Prima (Troy, N.Y.) 


10432: 


Bretherton, F. P. Tho motion of long bubbles in tubes. 
J. Fluid Mech. 10 (1961), 166-188. 

The author considers long bubbles containing fluid of 
negligible viscosity moving in a liquid of viscosity pu 
contained either in horizontal tubes of small diameter or 
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vertical tubes sealed at one end. The Reynolds number is 
assumed small, — 

The essential approximation here is that over a large 
length of the bubble there is a thin film of liquid between 
the bubble and the wall, so that the thin-film approxima- 
tion may be applied in this region. 

In the case of horizontal tubes, inertial and gravitational 
effects are compared with the surface tension, o, 
and it is later verified that the first of these assumptions 
also implies that the appropriate Reynolds number is 
negligible. The thin-film solution is patched to hemispheres 
at the front and rear meniscuses and the average velocity 
of the liquid and the pressure drop across the bubble are 
found in terms of the small parameter (uU/c)*/3. These 
are checked by proceeding to a second approximation. 
The results disagree with experiments of the author and 
others, diverging more for the smaller values of the 
parameter (where the theory is expected to be better), 
and no explanation has been found. 

The vertical-tube analysis is similar with an allowance 
for the buoyancy force. The main result here is that the 
bubble will not rise at all if pgro—1 < 0.842 where p is the 
density difference between the fluids outside and inside 
the bubble and r is the tube radius. Experimental support 
for this oem is produced by the author. 

H.C. Levey (Perth) 


10433 : 

Taylor, G. I. Interfaces between viscous fluids in 
narrow passages. Problems of continuum mechanics 
(Muskhelishvili anniversary volume), pp. 546-555. SLAM, 
Philadelphia, Pa., 1961. 

When a viscous fluid is forced to flow through a porous 
medium by a fluid of less viscosity, the interface is in 
general unstable, and an initially sinusoidal disturbance 
develops into a series of penetrating ‘fingers’ whose spacing 
is nearly constant. The asymptotic shape of these fingers 
for two-dimensional flow is found by potential flow 
theory to be 


= = (1-2) log (008 3) 


if there is no flow on the planes y= + 1. In this expression, 
A is the ratio of the maximum finger width to the separa- 
tion of the bounding surfaces and its value cannot be 
found from the theory, although there are some mathe- 
matical peculiarities of the solution with A= 1/2. Experi- 
ments in a Hele-Shaw cell show that the solution represents 
physical reality only when A= 1/2, but the significance of 
this has not been explained. The effects of surface tension 
and of incomplete displacement are also investigated. 

A. A. Townsend (Cambridge, England) 


10434: 

Yen, K. T. On the indeterminateness of the boundary 
conditions for the mi of two parallel streams. J. Appl. 
Mech. 27 (1960), 390-392. 

Two uniform streams parallel to the z-axis come in 
contact at z= 0. The vortex sheet thus created is presumed 
to spread by viscosity, the flow i laminar. 
According to the boundary conditions applied at the 
other boundaries of the streams the mid-streamline will 
be deflected to one side and this also depends on the 
velocity ratio of the two streams. 

R. 8. Scorer (London) 
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10435 : 

Goodrich, F.C. The mathematical theory of capillarity. 
I, I, I. Proc. Roy. Soc. London. Ser. A 260 (1961), 
481-489, 490-502, 503-509. 

The author reports experimental and _ theoretical 
investigations concerning the tendency of a thin layer of 
fluid to damp waves in another fluid on which it floats. 
Theoretically, the thin layer is treated as a linear visco- 
elastic transversely isotropic fluid, while the underlying 
fluid is a Newtonian viscous or inviscid fluid. The author 
develops small amplitude waves solutions satisfying 
appropriate boundary conditions and predicting clamping 
in some accord with experience. Correlation between the 
theory and reported experiments leaves something to be 
desired. J. L. Ericksen (Baltimore, Md.) 


10436 : 

Vorovich, I. I.; Yudovich, V.1I. Steady flow of a viscous 
fluid. Soviet Physics. Dokl. 124 (4) (1959), 50-53 (542- 
545 Dokl. Akad. Nauk SSSR). 

Vengono esposti molti brevemente alcuni risultati 
relativi alle equazioni di Navier-Stokes nel caso stazionario. 
Si dimostra che il problema al contorno ha almeno una 
soluzione quando (trascurando altre ipotesi di semplice 
regolarita) il vettore velocita, che @ assegnato sulla 
frontiera, risulta tangenziale alla frontiera stessa. Gli 
A.A. affermano che questa condizione non é essenziale, 
tuttavia quanto esposto non lascia intravvedere come si 
possa ottenere la dimostrazione in mancanza di essa. Se 
si ammette questa ipotesi, i risultati relativi all’esistenza 
rientrano in quelli ottenutida O. A. LadyZenskaya[#10437]. 
Vengono poi dati risultati relativi alla regolarizzazione 
delle soluzioni. Infine gli A.A. enunciano (sempre senza 
dimostrazioni) risultati relativi alla velocita di approssi- 
mazione delle soluzioni mediante il metodo da loro detto 
di Galerkin. Questi valgono per le soluzioni a cui corri- 
sponde un’equazione alla variazioni priva di autosoluzioni. 

G. Prodi (Trieste) 


10437: 

Ladytenskaya, 0. A. Investigation of the Navier-Stokes 
equation for stationary motion of an incompressible fluid. 
Uspehi Mat. Nauk 14 (1959), no. 3 (87), 75-97. (Russian) 

On the basis of Leray’s paper [J. Math. Pures Appl. (9) 
12 (1933), 1-82] the existence of generalized solutions of 
the Navier-Stokes problem 


Au—grad p = 


divu=0, ula = 0, 


3 
> U,0u/ Ore + f, 
1 


inside an open region Q (u-ua as |z|—oo if Q is un- 
bounded) can be asserted provided f and @Q are sufficiently 
smooth. Thus, in principle, Leray’s work leads to the 
existence of classical solutions as well. In this paper the 
author proves the existence of generalized solutions under 
minimal conditions on f and 8Q. Moreover, the Navier- 
Stokes problem is shown to have at least one solution in 
CQ) 101M) provided 2Q and f are smooth (20 has 
second derivatives and these derivatives and f satisfy a 
Hélder condition). In particular, in the case of a stationary 
motion the problem has at least one solution for each 
Reynolds number. The proofs are given for the case ux @ 
constant, but the methods apply to the general case. 
Extension to nonhomogeneous boundary conditions is also 
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possible. The proofs are based on the work of Leray and 
a paper by F. K. G. Odqvist [Math. Z. 32 (1930), 329- 
375]. N. D. Kazarinoff (Moscow) 


10438 : 

Stephan, Karl. Beitrag zur Berechnung des Warmeiiber- 
ganges und Druckabfalles laminarer Einlaufstrémungen. 
Ing.-Arch. 29 (1960), 176-186. 

The laminar viscous incompressible flow between two 
plates (channel flow) and in pipes with circular cross- 
section is computed using Prandtl’s boundary layer 
equation and Fourier’s energy equation. This means that 
heat due to friction is neglected and only the heat con- 
duction normal to the plates or to the pipe axis is taken 
into account. At the “entrance” velocity and temperature 
distribution are assumed to be uniform over the cross- 
section. On the basis of well known procedures (essentially 
Howarth’s method) the author computes velocity and 
temperature profiles at various distances from the 
entrance for Prandtl numbers 0.1<Pr< 1000. At large 
distance x from the entrance asymptotic solutions based 
on older papers (by Schlichting and Punnis) are employed. 
Pressure loss and the “average” Nusselt number as 
function of x are computed. 

I. Fliagge-Lotz (Stanford, Calif.) 


10439 : 

Hassan, H. A. On unsteady laminar boundary layers. 
J. Fluid Mech. 9 (1960), 300-304. 

Author’s summary: “A transformation is introduced 
which, for a class of outer pressure distributions, reduces 
the unsteady incompressible laminar boundary layers in 
two dimensions to an equation in which the time does not 
appear explicitly. A formally exact solution of the 
resulting equation is then presented in the form of a 
series and it is shown that the solution can be expressed 
in terms of universal functions.”’ 

K. Stewartson (Durham) 


10440: 

Velte, W. Eine Anwendung des Nirenbergschen Maxi- 
mumprinzips fiir parabolische Differentialgleichungen in 
der Grenzschichttheorie. Arch. Rational Mech. Anal. 5, 
420-431 (1960). 

In a previous paper [same Arch. 2 (1958), 1-31; MR 
20 #5620], Nickel derived without explicit integration of 
the basic equations several general statements about two- 
dimensional boundary layers, regarding such questions, 
for example, as the occurrence of a boundary-layer a 
exceeding the free-stream velocity, the maxima 
minima of the shear stress, and the extrema and nee 
points of the velocity profile. The present author, using & 
different method that is applicable to a wider class of 
boundary layers, obtains more general results, too 
lengthy to be presented here, which include Nickel’s 
results as special cases. In particular, three-dimensional 
boundary layers, both steady and unsteady, as well as 
more general velocity boundary conditions at the wall are 
now considered. The free stream is assumed to be irrota- 
tional and steady. The mathematical basis for the 
investigation is Nirenberg’s maximum principle for para- 
bolic differential equations [Comm. Pure Appl. Math. 6 
(1953), 167-177; MR 14, 1089}. 

D. W. Dunn (Ottawa, Ont.) 
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Brindley, J. Stability of flow in a rotating viscous 
incompressible fluid subjected to differential heating. 
Philos. Trans. Roy. Soc. London. Ser. A 253 (1960), 1-25. 

This paper extends the theoretical work of T. V. Davies 
{same Trans. 249 (1956), 27-64; MR 17, 1149] on the 
inviscid problem. (In spite of the title, compressibility is 
taken into account in association with gravity.) Tech- 
niques of singular perturbation theory are used to enable 
incorporation of viscous effects, but there is little reduction 
in the large discrepancy between theory and observation 
found by Davies. Such a long chain of approximations 
seems necessary in the analysis of the physical problem 
that it is difficult to pinpoint the trouble, but the author 
indicates that his neglect of a certain “critical layer’ is 
probably not valid and that the usual method of elimi- 
nating the vertical Rossby number is suspect. A new 
theoretical result, in qualitative agreement with experi- 
ment, is discovery of a second critical value of the 
horizontal Rossby number, depending on viscosity, below 
which wave motion is impossible. L.A. Segel (Troy, N.Y.) 


10442: ' 

Axford, W. I. The stability of plane current-vortex 
sheets. Quart. J. Mech. Appl. Math. 13 (1960), 314-324. 

In this paper the stability of a plane current vortex 
sheet is investigated. It is assumed that the fluid is 
incompressible, and the effects of viscosity and of finite 
electric conductivity are neglected. Across the sheet 
discontinuities in the density, magnetic permeability and 
the tangential components of the velocity and the magnetic 
field are allowed. The basic velocity and magnetic field is 
constant and parallel to the current vortex sheet ; also it 
is assumed that the lines of force and the streamlines 
coincide. The stability analysis is carried out in the usual 
manner for a variety of configurations of walls and current 
vortex sheets and conditions for stability are given. It is 
found that the magnetic field and walls tend to stabilize 
the current vortex sheet. R. C. DiPrima (Troy, N.Y.) 


10443 : 

Benney, D. J. A non-linear theory for oscillations in a 
parallel flow. J. Fluid Mech. 10 (1961), 209-236. 

By expanding the velocity and pressure fields as series 
in powers of the perturbation amplitude, equations are 
obtained for the second-order motion arising from growth 
of an infinitesimal, sinusoidal disturbance of a parallel 
shear flow. The second-order motion consists of a mean 
motion and a second-harmonic oscillation and grows even 
for neutral infinitesimal disturbances. In particular, if the 
wave-number vector of the primary disturbance is not 
parallel to the basic flow, the second-order motion intro- 
duces down-stream vorticity into the basic flow with 
consequent ‘warping’ of the original velocity profile. The 
case of a purely two-dimensional disturbance with a 
sinusoidal variation of amplitude in the span-wise direc- 
tion is analysed in detail for the velocity profile, uo(y) = 
tanh y. The results are qualitatively consistent with 
observations by Schubauer and Klebanoff of span-wise 
variations in the amplitude of Tollmien-Schlichting waves 
in boundary layers. 

A. A. Townsend (Cambridge, England) 





10444: 


Klaus. Beitrige zu einer nichtlinearen 


Kirchgassner, 
Theorie der Stabilitiét von Schichtenstrémungen lings 


zylindrisch gekriimmter Winde gegeniiber dreidimensio- 
nalen Stérungen. Arch. Rational Mech. Anal. 6, 20-33 
(1960). 

The author investigates the behaviour of three- 
dimensional disturbances of a steady or unsteady laminar 
flow along a curved wall. The disturbances, as well as the 
basic flow, are assumed to be independent of the distance 
along the wall but are otherwise unrestricted, so that they 
include the Taylor-Gértler vortex as a special case. In 
particular, there is no restriction on the amplitude. Upper 
limits to the magnitudes of the disturbance components 
are derived, and these are finite for all time if the basic- 
flow velocity remains finite. If the Reynolds number is 
less than a certain value dependent on the basic flow, all 
disturbances of the type considered are damped. 

D. W. Dunn (Ottawa, Ont.) 


10445 : 
j T. Brooke. Effects of a flexible boundary on 
hydrodynamic stability. J. Fluid Mech. 9 (1960), 513-532. 
The author establishes a simple analytical relation 
between the stability problem for the flow past a flexible 
boundary and the corresponding problem for a rigid 
boundary, so that many details of the existing theory are 
useful. Three forms of flow instability are found. The first 
corresponds to waves similar to those in the case of a 
rigid boundary, but modified by the effects of flexibility. 
These waves are stabilized when the boundary has a 
compliant response to them, that is, when their wave 
velocity is less than the velocity of free surface waves on 
the boundary, but they are destabilized by internal 
friction in the flexible medium. The second form of 
instability is a resonance effect and concerns waves 
travelling at very nearly the velocity of free surface waves. 
These waves can only be excited when the latter velocity 
is less than the free-stream velocity, and they are affected 
very little by the fluid viscosity, so that damping due to 
the medium itself is the only stabilizing factor. The third 
form is related to Kelvin-Helmholtz instability. From the 
theoretical results, two alternative sets of criteria are 
proposed for designing a flexible skin as a boundary-layer 
stabilizing device. D. W. Dunn (Ottawa, Ont.) 


10446: 

Graebel, William Paul. The stability of a stratified flow. 
J. Fluid Mech. 8 (1960), 321-336. 

This paper considers the stability of two stratified 
laminar streams of fluids with the same viscosity but 
different densities flowing in opposite directions between 
two parallel plates under the action of gravity. The effect 
of surface tension is included in the boundary conditions 
at the interface of the two fluids. The case in which the 
plates are vertical is considered in detail and preliminary 
results are given for slight deviations from the vertical. 
Since the critical Reynolds number is small the Orr- 
Sommerfeld equation is solved by using power series in 
the independent variable and then truncating the infinite 
series after a sufficient number of terms. Briefly, in the 
case that the plates are vertical, the authors find for 
disturbances of the form f(y) exp[i(ax—ct)] that for a=0 
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the flow is unstable for all Reynolds numbers, that surface 
tension («#0) is stabilizing, and that the celerity of the 
disturbance is small. R. C. DiPrima (Troy, N.Y.) 


10447: 

Zierep, Jiirgen. Thermokonvektive Zellularstrémungen 
bei inkonstanter Erwirmung der Grundfliche. Z. Angew. 
Math. Mech. 41 (1961), 114-125. (English and Russian 


summaries) 

Author’s summary: “The cellular convection currents 
over uniformly heated surfaces have been investigated to 
a large extent. In the present paper the corresponding 
problem for non-uniform heating is formulated and is 
solved for a certain typical case both in two-dimensions 
and in the case of rotational symmetry. The computed 
flow fields have been repeatedly observed in experimental 
tests.” H.C. Kranzer (Garden City, N.Y.) 


10448 : 

Gayen, A. K. Statistical methods in turbulence studies. 
Proc. Sympos. Mech. Real Fluids (Kharagpur, 1958). 
J. Sci. Engrg. Res. 4 (1960), 155-189. 

The abstract of this paper describes it quite well. It is 
given below: “This paper reviews some recent work on 


statistical methods of turbulence studies. The progress in 
studying mechanics of turbulent flow, and the develop- 
ments that have been made in the past by introduction 
of new concepts are sketched in brief outlines. Basic 
relations known to obtain in cases of periodogram, 
spectrum and correlogram of time series as studied by 


statisticians are described. Reference has been made to 
work done so far in problems of atmospheric turbulence 
and ocean waves. Some observations have finally been 
made on to the suitability or otherwise of the available 
statistical methods and scope for further investigations.” 
This paper would serve as a good paper for someone to 
study who was just entering into the area of turbulence 
study as it would provide him with a fairly adequate 
review of some of the problems under active consideration. 
The works of some authors, such as W. Malkus and 
Kraichman, are not treated so that this review is not 
complete. Also the work of Tukey, though mentioned, is 
not emphasized enough as it in essence provides answers— 
with reference to problems in sampling variability—to 

some of the questions the author has raised. 
W.J. Pierson, Jr. (New York) 


10449: 

Spence, D. A. Some aa of Crocco’s integral 
for the turbulent Proc. 1960 Heat 
Transfer Fluid Mech. Inst., Ee 62-76. Stanford Univ. 
Press, Stanford, Calif., 1960. 

The basis of this paper is an earlier result of the author 
[J. Fluid Mech. 8 (1960), 368-387; MR 22 #6276] that in 
the outer parts of the turbulent boundary layer of a 
compressible fluid the velocity profiles may be collapsed 
on to one profile by means of the Howarth-Dorodnitzyn 
transformation. Using plausible arguments an integral 
corresponding to the Crocco integral is found for the 
temperature and the momentum integral is reduced to a 
tractable form. K. Stewartson (Durham) 
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10450: 

Frost, V. A. Rapid homogeneous deformation of 
tarbulence in a gas. Dokl. Akad. Nauk SSSR 133 (1960), 
773-776 (Russian); translated as Soviet Physics. Dokl. § 
(1961), 690-693. 

The rapid homogeneous strain of homogeneous isotropic 
turbulence in a compressible fluid is considered. The 
development follows that of Batchelor [The theory of 

turbulence, Cambridge Univ. Press, London, 

1953 ; MR 14, 597; pp. 68-75] for the incompressible case 
exactly. The results are presented in terms of the in- 
compressible results of Batchelor. Comparison is made 
with experimental values for the relative intensity of the 
transverse component behind a supersonic nozzle for 
Mach numbers up to 2.36. Relatively good agreement is 
obtained. Comparison is also made with experimental 
values for the transverse component behind a heating 
zone in @ cylindrical tube. Qualitative agreement is good. 
J. L. Lumley (University Park, Pa.) 


10451: 

Stupotenko, E. V.; Stahanov, I. P. The equations of 
relaxation hydrodynamics. Dokl. Akad. Nauk SSSR 134 
(1960), 782-785 (Russian); translated as Soviet Physics. 
Dokl. 5 (1961), 957-960. 

Before thermodynamic equilibrium occurs in a com- 
pressible non-viscous fluid, the usual gas-dynamical 
equation of conservation of energy is not valid. This 
applies : (1) for high-speed gas flows which pass through a 
surface of discontinuity or; (2) to the propagation of 
sound of high frequency [L. J. F. Broer, J. Fluid Mech. 4 
(1958), 276-282; MR 20 #2956]. Then, the system is 
considered as open and the first law of thermodynamics 
is modified by the addition of a term involving a new 
independent thermodynamic variable, £, which measures 
the difference of any state from the equilibrium state. 
The energy relation is no longer “entropy is constant 
along a streamline (and hence no heat is conducted by any 
fluid particle)”, but ‘“‘the rate of change of entropy along 
a streamline is the negative of the derivative of internal 
energy with respect to £ multiplied by 7-dé/dt” (T is 
the temperature). In addition, an equation for dé/dt is 
assumed. The basic system of hydrodynamical equations 
consists of six equations for six dependent variables. The 
author states that for small derivations from equilibrium : 
(1) the Helmholtz theorem on conservation of vorticity is 
valid; (2) linearization of the basic equations furnishes 
two speeds of propagation (one for the upper and the 
other for the lower limit of frequency). Further, the 
characteristics for the one-dimensional nonsteady case are 
determined. Finally, the solution of the basic equations is 
expanded in terms of a parameter and the zero and first 
approximations are discussed. 

N. Coburn (Ann Arbor, Mich.) 


10452: 

Menkes, J. Existence of solutions of one-dimensional 
flow of a real gas. Phys. Fluids 4 (1961), 360-361. 

The aim of this paper consists in the demonstration of 
representing the one-dimensional, unsteady flow of 4 
viscous, compressible, heat-conducting gas by the heat- 
conduction equation in the stream fanotion-time plane 
such that the behavior of the gas is deduced without 
obtaining an explicit solution. Transforming the non-linear 
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momentum equation in the space-time plane to the linear 
ones in the stream function-time plane and using the 
superposition principle, the complete solution consisting 
linearly of the solution of the homogeneous equation and 
of the solution of the inho us ion is shown to 
be bounded and stable. 8. Ueno (Santa Monica, Calif.) 


10453 : 

Whitehead, D. 8. The vibration of air in a duct with 
a subsonic mean flow. Aero. Quart. 12 (1961), 34—40. 

Author’s summary: “The effect of a subsonic mean 
flow on the organ-pipe type of vibration of the air in a 
duct of uniform area is calculated. The flow at entry to 
the duct is assumed to be at constant stagnation pressure, 
and a range of exit conditions is considered. It is found 
that the effect of the mean flow is to reduce the resonant 
frequencies by a factor of (1—M?) (where M is the Mach 
number in the duct) and to introduce damping of the 
vibration. Except when the duct is terminated by an 
efficient diffuser, this damping is rather large and it would 
require a powerful driving mechanism to produce large 
vibrations in the duct.” 


10454: 

Ryzov, 0.8. On the transition from subsonic to super- 
sonic velocities in Laval nozzles. Prikl. Mat. Meh. 24 
(1960), 372-375 (Russian); translated as J. Appl. Math. 
Mech. 24, 534-540. 

Author’s summary: “This investigation deals with 
three-dimensional mixed flows of an ideal gas in Laval 
nozzles. The study is concerned particularly with the 
form of the surface of transition in the case when the 
velocity at the center of the flow approaches the velocity of 
sound, while the derivative of the velocity in the direction 
of the canal axis at that point vanishes. A theorem is 
derived which is a generalization for three-dimensional 
motion of a well-known theorem of Frankl and Gértler, 
valid in the cases of plane-parallel and axisymmetrical 
gas streams. On the basis of this theorem two possible 
types of flows in the neighborhood of the throat of a 
nozzle, and the possibility of transition of one type into the 
other are discussed.” H.C. Levey (Perth) 


10455: 

Rythov, 0. S.; Sefter, G. M. On unsteady gas flows in 
Laval nozzles. Dokl. Akad. Nauk SSSR 128 (1959), 485- 
487 (Russian); translated as Soviet Physics. Dokl. 4 
(1960), 939-942. 

Consider the time-dependent equation for the potential 
of a transonic flow given by Lin, Reissner and Tsien [J. 
Math. and Phys. 27 (1948), 220-231; MR 10, 162] 


— Gates + dv + $a Yat = 0. 


In this paper explicit solutions are constructed which 
represent time-dependent flows in a circular or plane 
Laval nozzle. C. 8. Morawetz (New York) 


flusso transonico attorno a profili 
Aerotecnica 40 (1960), 
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Cet article est consacré a l'étude locale d’un écoulement 
de fluide compressible au voisinage d’un point de rencontre 
d’une onde de choc infiniment faible avec une ligne 
sonique. 

Reprenant |’étude dans le plan de |’hodographe faite 
par l’auteur de cette analyse [C. R. Acad. Sci. Paris 243 
(1956), 1190-1192 ; MR 18, 695}, l’auteur montre comment 
il est possible de construire un tel écoulement pour lequel 
les deux images du choc dans le plan de l’hodographe 
seraient tangentes & une méme caractéristique. 

La construction théorique d’une telle solution est 
indiquée mais il n’y a pas d’exemple numérique d’applica- 
tion. P. Germain (Paris) 


10457: 

Ladytenskii, M.D. On gas flows with a high supersonic 
velocity. Dokl. Akad. Nauk SSSR 134 (1960), 296-299 
(Russian); translated as Soviet Physics. Dokl. 5 (1961), 
944-947. 

Certains écoulements hypersoniques & symétrie axiale 
de type interne sont discutés. Si 9 désigne une valeur 
moyenne de l’angle d’inclinaison, et M une valeur 
moyenne du nombre de Mach, le produit K = M@ joue un 
réle important. Pour K>1 les lignes de courant sont 
rectilignes. Particularité remarquable : le domaine qui est 
sous la dépendance d’un are transversal aux lignes de 
courants va 4 l’infinie. Cela est en liaison avec le caractére 
parabolique des équations, a la limite. 

J. P. Guiraud (Meudon) 


10458 : 

Sedney, R.; Gerber, N.; Bartos, J. M. Numerical 
determination of streamlines from density data. J. Soc. 
Indust. Appl..Math. 8 (1960), 589-610. 

The authors propose a finite-difference method for 
determining the streamlines for the problem of supersonic 
flow over blunt methods assuming that the density field is 
known. The mathematical problem is.to find solutions of 
the equation 
(1) Pa* + yy? = f(x, r, p) 
with ¥(z, r) given initially along some curve in the (z, r) 
plane where » is the stream function and f is determined 
numerically from the known density and the shock-wave 
slope. In the method proposed, both first-order and second- 
order finite-difference approximations to the derivatives 
in (1) are considered, and the solution is carried out start- 
ing either from the body or from the shock wave. Con- 
vergence and stability as well as questions of error 
propagation are considered. The discussion of errors is 
quite lengthy and somewhat heuristic in nature. Only one 
case is considered—that of a flow over a sphere. The 
authors conclude that the method proposed will yield 
results satisfactory for engineering purposes—e.g., the 
position of the streamlines can be determined to within 
an accuracy of two per cent, in those cases where the ¥ 
derivatives are continuous. 

S. D. Conte (Los Angeles, Calif.) 


10459 : 
Muggia, Aldo. Sul flusso ipersonico di un fluido non 
viscoso nell’intorno del punto di arresto per un solido a 


prora arrotondata. Aerotecnica 40 (1960), 112-118. 


Steady flow of an inviscid perfect gas at infinite Mach 
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number is considered past a round-nosed axisymmetric 
body. The stream function and density are developed as 
double power series in [(y— 1)/(y + 1)}/2 and the distance 
from the axis. This generalizes the results of Chester 
[J. Fluid Mech. 1 (1956), 353-365, 490-496; MR 19, 353] 
to shapes other than the parabola, in the special case 
M-=co. Comparison is made with Lighthill’s constant- 
density approximation for the sphere and with numerical 
solutions, and the — of the series is discussed. 

M. D. Van Dyke (Stanford, Calif.) 


10460: 

Richtmyer, R. D. Power series solution, by machine, 
of a nonlinear problem in two-dimensional fluid flow. 
Ann. New York Acad. Sci. 86, 828-843 (1960). 

The flow of perfect gas behind a given axisymmetric 
detached shock wave can, according to the Cauchy- 
Kowalewski theory, be described by double power-series 
expansions. A computing machine has been programmed 
to calculate the coefficients, terms through the 19th degree 
having been computed in examples. Careful control of 
significant figures is essential. The body producing the 
shock lies outside the region of convergence, so that a 
numerical analytical continuation must be performed. 
Analogous calculation of flow past non-circular cones with 
attached shocks is suggested ; the reviewer notes that this 
has been done by Briggs [NASA Tech. Notes D-24 (1959) ; 
D-340 (1960)]. M. D. Van Dyke (Stanford, Calif.) 


10461: 

Willett, Joseph E. Supersonic flow at the surface of a 
circular cone at angle of attack. J. Aerospace Sci. 27 
(1960), 907-912, 920. 

The original computation of the flow field around super- 
sonic cones at angles of attack by Stone [J. Math. and 
Phys. 27 (1948), 67-81; 30 (1952), 200-213; 31 (1953), 
300; MR 9, 544; 18, 702; 14, 511] was based on a variable 
distribution of entropy on the cone surface. Ferri [NACA 
Rep. No. 1045 (1951); MR 14, 331] pointed out that this 
surface should in fact be one of constant entropy and 
introduced the concept of a vortical layer to correct for 
this departure from physical reality in Stone’s results.The 
correction does not affect the pressure distributions 
determined by Stone which are accepted as accurate, but 
changes other physical variables. The present paper shows 
how Stone’s results should be modified to give a more 
accurate estimate of velocity components round the 
surface. The analysis uses values of the entropy equal to 
Stone’s values behind the windward generator of the 
shock and these are shown to agree well with experimental 
values. Numerical values of surface velocity components 
are not quoted. M. Holt (Berkeley, Calif.) 


10462: 

Lunev, V. V. Flow of a viscous heat-conducting gas at 
high supersonic about a cone. Prikl. Mat. Meh. 23 
(1959), 1006-1018 (Russian); translated as J. Appl. 
Math. Mech. 23, 1444-1461. 

The problem of flow of a gas about a cone at supersonic 
speed is dealt with by dividing the flow field into two 
distinct regions: a viscous region in which the flow is 
considered to be laminar and is described by the boundary- 
layer equations, and a potential region in which the flow 
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is described by the equations of inviscid gas. The solutions 
valid in a region far from the nose of the cone are expanded 
in ascending powers of a parameter, defined as the ratio 
of the boundary-layer thickness and the length of the 
excluded portion of the cone. Solutions are carried to the 
first order, joined smoothly at the edge of the boundary 
layer. Y. H. Kuo (Peking) 


10463 : 

Collar, A. R. An iteration process for the solution of 
the Prandtl-Meyer expansion. J. Roy. Aero. Soc. 65 
(1961), 357-359. 


10464: 

Grigoryan, 8. 8.; Sokolov, A. G.; Spasibukhov, Yu. I. 
On modeling the movement of a massive solid body under 
the influence of a shock wave. Soviet Physics. Dokl. 
124 (4) (1959), 74-76 (48-50 Dokl. Akad. Nauk SSSR). 

A derivation for modeling the effects of explosive waves 
on the motion of large, rigid bodies is given using 
dimensional analysis and similarity theory. The general 
conclusion is that for similarity between original experi- 
ment and model there must be complete geometrical 
similarity and identity of four derived dimensionless 
parameters. It is indicated that the rules derived for 
modeling the charge of explosives hold even if friction 
between body and ground is included. Some special cases 
are discussed and some experiments are briefly mentioned 
which justify assumptions. 

Hirsh Cohen (Yorktown Heights, N.Y.) 


10465 : 

Kompaneec, A. 8. A point explosion in an inhomo- 
geneous atmosphere. Dokl. Akad. Nauk SSSR 130 
(1960), 1001-1003 (Russian) ; translated as Soviet Physics. 
Dokl. 5, 46-48. 

Let r=r(z, t) be the equation of the shock in cylindrical 
coordinates. From (1) the formula for velocity of a strong 
shock advancing into a stagnant atmosphere; (2) the 
assumption that pressure behind the shock is proportional 
to the mean energy density throughout the shock ; (3) use 
of the maximum density ratio at the shock; and (4) the 
barometric density law p/po=exp(—z/zo) the author 
derives a first-order non-linear partial differential equation 
for r(z,t). The envelope of a one-parameter family of 
solutions obtained by separating variables yields an 
expanding closed shock which after a finite time extends 
to infinity. J. H. Giese (Aberdeen, Md.) 


10466 : 

Johannesen, N. H. Analysis of vibrational relaxation 
regions by means of the Rayleigh-line method. J. Fluid 
Mech. 10 (1961), 25-32. 

A clear and detailed description is given of the structure 
of a compression wave of finite amplitude, moving steadily 
into a gas at rest. A distinction is made between the head 
of the wave, the diffusion-resisted part, which can be 
treated as a sharp shock, and a long relaxation region. 
A method for calculating the structure of the relaxation 
region is described, based on the use of the Rayleigh line 
equations. It is claimed that this method gives an aceurate 
determination of relaxation ——— from observed 
distributions of density. M. Holt (Berkeley, Calif.) 
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10467 : 

Blythe, P. A. Comparison of exact and approximate 
methods for analysing vibrational relaxation regions. J. 
Fluid Mech. 10 (1961), 33-47. 

Approximate solutions of the equations determining 
shock-wave structure, taking vibrational relaxation into 
account, are compared with an exact numerical solution 
for a strong shock wave in nitrogen. The author’s results 
support the established strong shock approximations and 
the assumption of constant relaxation frequency, but show 
that the constant internal-energy assumption is invalid. 

M. Holt (Berkeley, Calif.) 


10468 : 
Chow, Reuben R.; Ting, Lu. order 
curved shock. J. Aerospace Sci. 28 (1961), 428-430. 


of 


10469: 

Karlikov, V.P. The linearized problem of the propaga- 

tion of a strong explosion in a non-homogeneous atmos- 
. Vestnik Moskov. Univ. Ser. Mat. Meh. Astr. 
Fiz. Him. 1959, no. 4, 27-39. (Russian) 

Let the atmospheric density distribution be px/po= 
1—ez*, where po, ¢, and « are constants, and z is altitude. 
Introduce spherical polar coordinates, and form dimension- 
less combinations A= Ht?/por5 and u.=er«, where E is the 


energy of the explosion. Write (t/r)v,= Vr(A)+pV-(A, 6) + 
--+, and similarly expand (¢/r)ve, (t?/por?)p, and p/po. The 
leading terms of these series are chosen to be those for the 
familiar ‘“‘automodel” (or similarity) solution for a strong 
point explosion in a homogeneous atmosphere with 


negligible pressure. To determine the perturbations V,, 
etc., the author retains only the terms of first order in p 
in the partial differential equations of inviscid compressible 
flow and in the boundary conditions. At the shock front, 
represented by r2=reo(t)(1+pu*f(@)), rao describes the 
“automodel” shock, »=y*, A=1 approximately, and f(@) 
remains to be determined. By separating variables one 
can solve the equations for the first order perturbations 


by means of series V-= So” P; (cos 6)V(A), etc., where 
P, are endre polynomials. For each v the four co- 
efficients V,©)(A), ---, R,©(A) are defined by systems of 
ordinary differential equations. The contributions of f(@) 
to the boundary conditions for V,, etc., can be transformed 
into boundary conditions for V)(1), ete., by introducing 
the expansion f(@)= > c,P,(cos @). The author discusses 
determination of the c, and mentions that for certain 
combinations of v and « oscillatory solutions for V), etc., 
are possible. He also considers the influence on the 
structure of the solutions, for various v, of the requirements 
that energy, momentum, and mass of the gas contained 
inside the shock wave be finite. 

J. H. Giese (Aberdeen, Md.) 


10470: 
Waldman, 
extension of the shock 
Sci. 28 (1961), 119-132. 
An approximate analytic solution is obtained for the 
solution of the supersonic flow past an aerofoil such that 
the shock is attached to the leading edge. A perturbation 
expansion is made in terms of the reflection coefficient for 


George D.; Probstein, Ronald F. An analytic 
-expansion 


ion method. J. Aerospace 
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the interaction of a simple wave and an oblique shock. As 
a result of a review of previous results the authors conclude 
that the accuracy to be expected is somewhat greater than 
formally indicated by the order of smallness of the 
reflection coefficient which in any case is quite small under 
most circumstances. 

A method is given for obtaining analytic solutions for 
the various terms of the perturbation series and the first 
two orders are obtained explicitly. The first term is the 
solution of the shock-expansion method and together with 
the second term is shown to provide accurate answers 
with much less computational effort than involved with 
the numerical method of characteristics. 


J.J. Mahony (St. Lucia) 


10471: 
Germain, Paul; Guiraud, Jean-Pierre. Conditions de 
choc et structure des ondes de choc dans un écoulement 


stationnaire de fluide dissipatif. Rech. Aéro. No. 81 
(1961), 11-12, 


10472: 

Powell, Alan. Theory and experiment in aerodynamic 
noise, with a critique of research on jet flows in their 
relationship to sound. 2nd Sympos. Naval Hydro- 
dynamics (Washington, D.C., 1958), pp. 1-27. US. 
Govt. Printing Office, Washington, D.C., 1960. 

A survey of recent theoretical and experimental work 
on sound generation by unsteady flows where boundary 
effects are not important. After some comments on the 
basic theory, the author describes phenomena associated 
with discrete tones—the sensitive flame, edge tones and 
the sound from a choked jet. Experiments on sound 
generated by a turbulent jet are reviewed, and it is 
concluded that the technological demands on the subject 
considerably exceed our present basic understanding of it. 

O. M. Phillips (Cambridge, England) 


10473: 

Miiller, Ernst-August. Some experimental and theo- 
retical results relating to the production of noise by 
turbulence and the scattering of sound by turbulence or 

i vortices. 2nd Sympos. Naval Hydrodyamnics 
(Washington, D.C., 1958), pp. 45-63. U.S. Govt. Printing 
Office, Washington, D.C., 1960. 

A technological discussion of the matters described in 
the title. The problem of sound scattering by a single line 
vortex is discussed in some detail, and polar diagrams of 
the scattered intensity given. Some experimental results 
on sound intensity in values, and on sound scattering by 
turbulence are also given. 

O. M. Phillips (Cambridge, England) 


10474: 

Clay, C.S. Fluctuations of sound reflected from the sea 
surface. J. Acoust. Soc. Amer. 32 (1960), 1547-1551. 

A method using the theory of Carl Eckart is used to 
compute the scattering of sound in sea water on reflection 
at the surface. The result depends on the wave length of 
the sound, the surface-wave height, and the autocorrelation 
of the surface height. The form exp(—r?) (r= horizontal 
separation) is used for the latter. The calculation is used 
to fit the data reported by Brown and Rickard for sound 
at 168 cycles persecond. A. Blake (Framingham, Mass.) 
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10475: 

Abarbanel, Saul. Radiative heat transfer in free- 
molecule flow. J. Aerospace Sci. 28 (1961), 299-307. 

The paper is concerned with the effects of thermal 
radiation on the equilibrium temperature on the surface 
of a body in free molecular flow. Neglecting the thermal 
convection, the nondimensional temperature distributions 
for both zero and infinite thermal conductivity are first 
formulated. Approximating for flight in terrestrial atmos- 
phere and for hypersonic flow, they may then be simplified 
to an algebraic equation. Few examples of applications are 
given. When solar radiation and finite conductivity are 
included, the problem may be similarly formulated. They 
are then approximated and solved by graphical means. 

L. N. Tao (Chicago, Il.) 


10476: 

Post, E. J. Meaning and interpretation of acoustic 
momentum and acoustic radiation stress. Phys. Rev. (2) 
118 (1960), 1113-1118. 

The author considers a kind of energy-momentum 
tensor, made up from the energy, the energy flux, the 
momentum, and the stress of an acoustic radiation. He 
shows how this tensor may be derived by a variational 
formalism involving a Lagrangian density which is the 
difference between the average kinetic and potential- 
energy density. At one point of this derivation it is 
assumed that the material is linearly elastic. 

W. Noll (Pittsburgh, Pa.) 


10477: 
Sturrock, P. A. Energy-momentum tensor for plane 
waves. Phys. Rev. (2) 121 (1961), 18-19. 


The author points out that a part of the derivation of ; 


the acoustic energy-momentum tensor given by Post [see 
#10476] is faulty because the Lagrangian energy is 
identically zero when the field equations are linear. He 
then presents a generalization of Post’s formalism, valid 
for arbitrary plane waves in a homogeneous medium and 
for a quadratic Lagrangian function. 

W. Noll (Pittsburgh, Pa.) 


10478: 


Kapur, J. N. Some problems in hydrodynamics of 


non-Newtonian viscous liquids with variable coefficient of 
cross-viscosity. Proc. Nat. Inst. Sci. India. Part A 25 
(1959), 231-235. 

The author considers some plane-flow problems in the 
Reiner-Rivlin theory of non-Newtonian fluids. {Reviewer's 
remark: Taylor’s result on the rotation of an incom- 
pressible medium in plane motion is valid not only for 
Reiner-Rivlin fluids, as proved by the author, but for any 
material whatever [see, e.g., W. Noll, Quart. Appl. Math. 
15 (1957), 317-319; MR 19, 1003].} 

W. Noll (Pittsburgh, Pa.) 


10479: 
Williams, W. E. Propagation of small i 
waves. Quart. J. Mech. Appl. 
Math. 13 (1960), 272-277. 

Consider a gas with finite shear viscosity and electrical 
conductivity but no bulk viscosity or heat conductivity, 
in equilibrium in a uniform, steady magnetic field Bo. The 
author constructs two classes of solutions of the Alfvén 
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equations governing small deviations from equilibrium 
(hydromagnetic waves). In the first class, the fluid 
velocity has the form v=V x (Bod), and in the second 
class the electric field has the form E=V x (Bop). The 
author assumes without proof that every solution of the 
Alfvén equations is the sum of a solution of ¢-type and 
one of ¥-type. His assumption can be proved, but requires 
some calculation beyond what he presents. He goes on to 
construct some ¢-type and ¢-type normal modes of 
oscillation of a perfectly conducting, non-viscous gas in a 
perfectly conducting rectangular box ; whether there are 
other ¢-type or ¥-type modes, or modes involving both a 
¢-type and a ¥-type solution of the Alfvén equations, is 
not discussed. G. E. Backus (La Jolla, Calif.) 


10480: 

Gajewski, Ryszard. Magnetohydrodynamic 
wave guides. Phys. Fluids 2 (1959), 633-641. 

The author has investigated theoretically the influence 
of a uniform magnetic field along the generators of a wave 
guide (of constant but not necessarily of circular cross- 
section) on the wave-propagation in a non-viscous and 
perfect electrically conducting compressible fluid. It is 
concluded that four types of waves can propagate ; one is 
purely transverse, one purely longitudinal and in the other 
two the longitudinal and transverse components are 
coupled. The first two travel without any dispersion. The 
velocity of the transverse wave is that of the Alfvén wave 
and it can exist even if the fluid is incompressible. The 
longitudinal wave is not influenced: by the presence of a 
magnetic field and its velocity is equal to that of the 
principal mode of the corresponding purely acoustic wave. 
It cannot exist if the walls of the waveguide are perfectly 
flexible. Both the coupled waves undergo dispersion ; for 
one the group and the phase velocity are close to, 
respectively, the group and phase velocity of the acoustic 
wave, and for the other these velocities are close to the 
corresponding ones of the Alfvén waves. The first of the 
two coupled waves is damped for too low applied 
frequencies. O. P. Bhutani (Kharagpur) 


waves in 


. 30 (1960), 1035-1040 (Russian); 
translated as Soviet t Physica Tech, Phys. 5 (1961), 966- 
972. 

Consider two-dimensional potential flow of an in- 
compressible, non-viscous fluid with finite electrical 
conductivity past a parabolic cylinder of dielectric 
material. A line source and a line sink of electric current 
are located on two generators of the cylinder, symmetric- 
ally placed relative to the axis of the parabola. The author, 
using techniques published by him [see #10482] and by 

[Philos. Trans. Roy. Soc. London Ser. A 214 (1914), 
373-432], finds a solution for the magnetic field in the 
fluid and cylinder. This solution dies away exponentially 
with distance, and vanishes identically in the dielectric 
cylinder beyond the line currents. The author does not 
consider the question of uniqueness. 

G. E. Backus (La Jolla, Calif.) 
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10482: 

Lur’e, K. A. On a class of plane problems in 
h i Z. Tehn. Fiz. 30 (1960), 736-738 
(Russian); translated as Soviet Physics. Tech. Phys. 5, 
691-692. 

A non-viscous, incompressible fluid with finite electrical 
conductivity 7 flows steadily in the zy-plane, and contains 
a steady magnetic field H(z, y) pointing everywhere along 
the z-axis. The author shows that the equations for the 
fluid velocity v are independent of H, so that v is found 
by classical techniques. The equation for H is v-VH= 
o1V2H. When v=V¢=V x Zi, this is 

oH | 0p = (0/04? + 0°/ Op") H. 
The author fails to mention that the equation for H is the 
equation for the temperature in a thermally conducting, 
moving fluid, and that his transformation was discussed 
in this connection by Boussinesq [J. Math. (6) 1 (1905), 
285-332] and King [Philos. Trans. Roy. Soc. London Ser. A 
214 (1914), 373-432]. G. E. Backus (La Jolla, Calif.) 


10483 : 

Meyer, Rudolf X. Heat-transfer near the stagnation 
point of a body of revolution in the presence of a magnetic 
field. Z. Angew. Math. Phys. 11 (1960), 127-146. 
(German summary) 

The author considers an incompressible fluid with 
constant thermal and electrical conductivity and viscosity, 
flowing poloidally, axisymmetrically and steadily in the 
direction of the negative z-axis toward a flat plate at z=0. 
An axisymmetric, poloidal, steady magnetic field is present. 
Using boundary-layer techniques and a digital computer, 
the author calculates C. C. Lin’s similarity solution [Arch. 
Rational Mech. Anal. 1 (1958), 391-395; MR 20 #4403] 
for the velocity and magnetic field. Then he finds a 
similarity solution for the temperature in the fluid, in the 
form 7T'=U(z)+r2m(z), the plate and the fluid at z= 
being at constant temperatures. Solving the resulting 
ordinary equations in the boundary-layer approximation 
finally gives the heat transfer from fluid to plate. 

G. E. Backus (La Jolla, Calif.) 


10484: 

Kazancev, A. P. Flow of a conducting gas past a 
current- ing plate. Dokl. Akad. Nauk SSSR 133 
(1960), 318-320 (Russian); translated as Soviet Physics. 
Dokl. 5 (1961), 771-773. 

A perfectly conducting gas flows steadily in the +z 
direction past a perfectly conducting, stationary flat plate 
with infinite z-extent, width L, and angle of attack a, 
carrying an electric current J in the z-direction. 

The gas is so rarefied that the pressure on a boundary 
inclined at angle @ with the x axis is given by Newton’s 
law of resistance, p = po sin? 6. The author investigates the 
magnetic field produced by J in the gas-free cavity 
around the plate, and the shape of the boundary between 
the cavity and the field-free gas. He maps the cavity, cut 
at the plate, conformally onto an annulus whose outer 
radius is 1 and whose inner radius ¢ is to be determined. 
He gives the Laurent expansion of the map explicitly in 
terms of ¢ and shows that « is determined by L/A where 
2 = (uol®)/(8m2po). He shows that for any a, the gas 
never touches the plate if Z sin «<27A. When «=0 and 
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a=7/2 he is able to find L/A as an explicit: power series 
in e, which he evaluates in terms of elliptic functions. 
G. E. Backus (La Jolla, Calif.) 


10485 : 

Liist, Reimar. Uber die Ausbreitung von Wellen in 
einem Plasma. Fortschr. Physik 7 (1959), 503-558. 

This is a very clear, complete and systematic review 
of the various types of wave propagation which can occur 
in a plasma. The study is made within the macroscopic 
framework of magneto-hydrodynamics, in which the 
plasma is represented as a mixture of two fluids (electrons 
and ions) coupled to each other and to an external magnetic 
field. Collisions among particles are neglected in most 
cases under discussion. 

After an introduction of the basic equations, the author 
first. discusses small-amplitude solutions of the linearized 
equations. The simplest motions are Alfvén waves, which 
are low-frequency transverse waves due to the rigidity 
introduced by an external magnetic field. The next type 
of waves discussed are longitudinal plasma oscillations, 
i.e., oscillations of the electrons against the ions. The 
general transverse electromagnetic waves in the absence 
of external fields are discussed next, and finally the most 
general type of small-amplitude waves, in the presence 
of a magnetic field, are reviewed. In all these cases 
the dispersion equations are thoroughly discussed and 
exemplified by many graphs. 

The author reviews then several cases in which exact 
solutions of the non-linear equations can be found. These 
are: Alfvén waves in an incompressible plasma and 
magnetohydrodynamic compression waves propagating in 
a direction normal to the magnetic field. The problem of 
magnetohydrodynamic shock waves is briefly discussed. 
In the final section, the influence of an anisotropic 
pressure tensor is examined. In all cases the approximations 
and limits of validity are clearly stated. 

R. Balescu (Brussels) 


10486 : 

Agostinelli, Cataldo. Sulle superficie d’onda in magneto- 
fluidodinamica. Atti Accad. Naz. Lincei. Rend. Cl. Sci. 
Fis. Mat. Nat. (8) 28 (1960), 746-750. 

Le fluide considéré est compressible, parfaitement 
conducteur d’électricité, et les courants de déplacement 
sont négligés. Utilisant la méthode des caractéristiques, 
lauteur forme |’équation aux dérivées partielles dont la 
résolution permet de déterminer les surfaces d’onde. 

J. Naze (Marseille) 


10487 : 
Sherman, Arthur. The effect of nonuniform magnetic 
fields on internal flows of ing fluids. Advances in 


the Astronautical Sciences, Vol. 6, pp. 817-832. Mac- 
millan, New York, 1961. 

In this paper the interaction between an inviscid, 
electrically conducting fluid through a straight two- 
dimensional channel and a non-uniform magnetic field is 
quantitatively discussed. Starting with the Maxwell 
equation, a modified form of Ohm’s law and the Navier- 
Stokes equations corrected to include the Lorentz force 
and Joule heating, a solution is obtained for the first-order 
approximation on the assumption of the incompressible 
fluid with constant properties and a zero magnetic 
Reynolds number. 
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From numerical results concerning the velocity and 
temperature throughout the flow field it is deduced that 
the originally irrotational flow becomes rotational by either 
viscous or magnetic forces, a loss in total pressure is 
found, the main flow is relatively unaffected and finally 
the temperature increases throughout the flow by virtue 
of the Joule heating corresponding to viscous dissipation. 
S. Ueno (Santa Monica, Calif.) 


10488 : 
Kadomeev, B. B. On the stability of a low pressure 
Z. Eksper. Teoret. Fiz. 37 (1959), 1646-1651 
(Russian. English summary); translated as Soviet 
Physics. JETP 10 (1960), 1167-1170. 

Author’s summary : “A local stability condition for an 
arbitrary toroidal system is derived. The problem of the 
stability of a low-pressure plasma in such systems is 
discussed.” It may be added that the plasma is treated 
as an ideal hydromagnetic fluid. 

M. Kruskal (Princeton, N.J.) 


10489: 

Landshoff, Rolf K. M. Magneto-fluid-dynamic waves. 
Appl. Mech. Rev. 14 (1961), 339-344. 

Review article with 16 references. 


10490: 

Regirer, S. A. On the flow of an electrically conducting 
fluid in tubes of arbitrary cross-section in the nee of a 
magnetic field. Prikl. Mat. Meh. 24 (1960), 541-542 
(Russian) ; translated as J. Appl. Math. Mech. 24, 790-793. 

The general solution of a steady flow of a conducting 
viscous fluid in an infinitely long tube of arbitrary cross- 
section in an arbitrary externally-applied magnetic field 
has been investigated. The problem reduces to the 
successive solution of two linear boundary-value problems. 

S. I. Pai (College Park, Md.) 


10491: 

Malkus, W. V. R.; Veronis, G. Surface electro- 
convection. Phys. Fluids 4 (1961), 13-23. 

Electro-convection, fluid motion produced by a suffici- 
ently strong imposed electric field, has been observed in 
the laboratory and may be important in geophysics; the 
authors present the first detailed quantitative discussion, 
although their analysis is largely confined to the case of 
(cellular) surface motions. The model is essentially that of 
two dielectric fluids bounded by parallel “free” planar 
electrodes and separated by a nearly plane interface. 
Introducing some carefully explained simplifications, the 
authors formulate the steady-state problem and its 
linearized stability analysis, and find approximate solu- 
tions. Extrapolation of finite-amplitude results of the 
authors’ own experiments gives as good agreement as can 
be expected with the theoretical value of the dimensionless 
number at which electro-convection first occurs. 


L. A. Segel (Troy, N.Y.) 


10492: 
a S. A. Nonstationary problem of magneto- 
for a half-space Dokl. Akad. Nauk SSSR 
127 (1959), 983-986 (Russian); translated as Soviet 
Physics. Dokl. 4 (1960), 782-785. 
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This paper presents a very brief discussion of Rayleigh’s 
problem in magnetohydrodynamic flow. This problem 
has been extensively studied and reference is made to the 
works of C. C. Chang and J. T. Yen [Phys. Fluids 2 (1959), 
393-403; MR 22 #3372], V. J. Rossow [#10493], and 
G. F. Carrier and H. P. Greenspan [#10494]. 

H. P. Greenspan (Cambridge, Mass.) 


10493: 

Rossow, Vernon J. On Rayleigh’s problem in 
hydrodynamics. Phys. Fluids 3 (1960), 395-398. 

The flow which results from the impulsive motion of an 
infinitely-long flat plate through a viscous medium in a 
direction parallel to itself (Rayleigh’s problem in hydro- 
dynamics) is here treated and compared in three magneto- 
hydrodynamic versions, differing from each other only in 
the initial and boundary conditions (essentially for the 
magnetic field). M. Kruskal (Princeton, N.J.) 


10494: 
Carrier, G. F.; Greenspan, H. P. The time-dependent 
hydrodynamic flow past a flat plate. J. Fluid 
Mech. 7 (1960), 22-32. 

This article consists of two time-dependent magneto- 
hydrodynamic flow problems. The first one concerns the 
impulsive motion of a semi-infinite flat plate in its own 
plane into a conducting viscous fluid with the external 
magnetic field having the same direction as the motion of 
the plate. Using the modified Oseen technique the problem 
is linearized and solved formally. Approximation methods 
are then employed to obtain the description of the flow 
valid for large time. In this way the complications of a 
non-elementary Wiener-Hopf problem are avoided. When 
pH o?/pU o? < 1 the flow pattern approaches asymptotically 
that of the steady flow, and when pHo?/pUo?>1 the 
asymptotic state is one in which the fluid accompanies the 
plate in a rigid-body motion. 

The second problem concerns the impulsive motion in 
its own plane of an infinite flat plate with the external 
magnetic field perpendicular to the plane of the plate. The 
flat plate itself is regarded as a limiting case of a pipe of 
very large radius which receives a step-function axial 
velocity at time equal zero. Because of axial symmetry 
the field quantities are functions only of the time and the 
coordinate perpendicular to the plate. In particular, the 
electric-field intensity must become zero when the time 
goes to infinity, since no electric charges can acoumulate 
because of the axial symmetry. The authors show that the 
results for the limiting case investigated exhibits an 
asymmetry which is not obvious at first sight. 

R. 8. B. Ong (Leiden) 


10495: 

Kogan, M. N. On the propagation of disturbances in 
plane ic flows. Prikl. Mat. Meh. 24 
(1960), 530-536 (Russian); translated as J. Appl. Math. 
Mech. 24, 773-782. 

This paper considers first the oblique shock wave 
relations in magnetogasdynamics and then discuss the 
limiting cases of shock of infinitesimal strength, i.e., 
Friedrichs’ waves. The results are applied to the wave 
pattern over thin airfoils. ¥oR~ inclined waves are 
obtained. 8. I. Pai (College Park, Md.) 
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104961 

Chu, Boa-Teh. Thermodynamics of i 
ducting fluids. Phys. Fluids 2 (1959), 473-484. 

A thermodynamic description of magnetohydrodynamic 
flow is set up, leading to an energy equation of rather 
general character. The treatment is non-relativistic, the 
dependence of e and » on temperature and density being 
taken into account. It is shown that the result with 
more restricted energy equations derived by Pai and 
Steketee under the assumption that ¢ and » are constant. 
{As far as the reviewer could see, the results, apart from 
two obvious slips in the entropy balance equation, are 
correct.} L. J. F. Broer (Delft) 


10497 : 

Gold, Richard R. Self-superposable magnetohydro- 
dynamic motions. Arch. Rational Mech. Anal. 6, 382- 
398 (1960). 

The formal concepts of superposability and self-super- 
posability of nonlinear partial differential equations of the 
hydrodynamic character have been examined very 
thoroughly in one of the previous papers [see Gold and 
v. Krzywoblocki, J. Reine Angew. Math. 199 (1958), 
139-164; 200 (1958), 140-169; MR 21 #501]. In the 
present work the author discusses thoroughly the self- 
superposable magnetohydrodynamic equations and seeks 
their solutions. It is obvious that it is worthwhile to 
study the formal questions which may be raised with 
regard to a subclass of solutions of a nonlinear system 
of equations which exhibit this linearity. The author 
begins with the magnetohydrodynamic equations of a 
viscous incompressible fluid with constant transport and 
diffusion coefficients. The usual simplifications are intro- 
duced in the form of the vanishing excess charge, etc., and 
the equations are linearized by means of the self-super- 
posability procedure. The resultant system is over- 
determined, consisting of seven equations in two unknown 
functions. In the next step the author considers particular 
cases : the first is the plane flow in polar coordinates. To 
solve the system in question the author introduces general 
orthogonal curvilinear coordinates. Four subcases of the 
plane flow are elaborated ; they are characterized by the 
vanishing or non-vanishing partial derivatives with respect 
to time of the vorticity function. The next item attacked 
is a three-dimensional flow. Here two subcases are con- 
sidered which differ in various assumptions regarding the 
components of the velocity vector. In some cases the 
results are reduced to the results previously obtained 
(magnetohydrostatics, etc.). The work is a nice generaliza- 
tion of the concepts of self-superposability to include the 
effects of the electromagnetic field. 


Z. v. Krzywoblocki (E. Lansing, Mich.) 


10498a : 

Gubanov, A. I.; Lun’kin, Yu. P. The equations of 
magnetoplasm: ics. Z. Tehn. Fiz. 30 (1960), 1046- 
1052 (Russian) ; translated as Soviet Physics. Tech. Phys. 
5 (1961), 977-983. 


10498b : 
Gubanov, A. I.; Lun’kin, Yu. P. Couette flow in 
Z. Tehn. Fiz. 30 (1960), 1053- 
1060 (Russian) ; translated as Soviet Physics. Tech. Phys. 
5 (1961), 984-992. 
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The authors define the term “magnetoplasmodynamics”’ 
to mean the study of the motion of a conducting fluid in a 
magnetic field without the usual assumption that wr is 
small (w=Larmor frequency, r=mean collision time). 
They state that wr is not small in most real plasmas. In 
the first paper, the general plasmodynamic 
equations of motion and of thermal flux are derived. The 
viscosity and the thermal and electrical conductivities are 
permitted to depend on the size of the magnetic field. In 
the second paper, these equations are applied in the case 
of steady flow between two parallel infinite plates, one of 
which is at rest and the other moving slowly (i.e., at small 
magnetic Reynolds number) in its own plane. ‘Two new 
effects, nonstandard in ordinary magnetohydrodynamics, 
are noted. First, for a magnetic field perpendicular to the 
plates the fluid velocity has a component perpendicular 
to the plate motion. Second, a magnetic field parallel to 
the plates decreases the viscous friction. 

H.C. Kranzer (Garden City, N.Y.) 


10499: 
Pavlov, K. B. Some ies of flows in 
ic gas d ics. Eksper. Teoret. Fiz. 39 
(1960), 304-307 (Russian. English summary); translated 
as Soviet Physics. JETP 12 (1961), 216-218. 

The flow considered here is steady ‘“‘quasi-one-dimen- 
sional” ; i.e., it is flow within a channel of variable cross- 
sectional area. The conducting fluid is a frictionless ideal 
gas, and the magnetic, electric, and velocity fields are 
assumed to be mutually perpendicular and strictly 
unidirectional; thus, this is not ‘“‘channel flow” in the 
now-familiar approximation used to describe accelerators 
and generators. 

After reviewing the case of infinite conductivity the 
author proceeds to finite conductivity. The effective 
sound speed a, depends upon the conductivity. The energy 
equation is analogous to that describing viscous flow in a 
heat-insulated pipe in conventional gasdynamics. The 
entropy reaches a maximum at a flow speed equal to a», 
and the phenomenon of choking appears. Conclusions are 
drawn regarding the formation of shock waves. 

The translation has a few shortcomings, such as “‘current 
density” for “mass flow” and “flow crisis” for “‘choking”’. 
There also seem to be some unfortunate errors in in- 
equality signs. W. R. Sears (Ithaca, New York) 


10500: 

Roéciszewski, Jan. Magnetohydrodynamic flow through 
ducts of variable cross section. Phys. Fluids 4 (1961), 386- 
388. 

The Lundquist equations of magnetohydrodynamics 
are specialized to the case of quasi-one-dimensional flow 
through a duct with slowly varying cross section. The 
magnetic field is taken parallel to the axis of the duct. 
Certain analogies with ordinary gas d ics are noted. 

H.C. Kranzer (Garden City, N.Y.) 


10501 : 
Barmin, A. A.; Gogosov, V. V. The piston problem in 
Dokl. Akad. Nauk SSSR 134 
(1960), 1041-1043 (Russian) ; translated as Soviet Physics. 
Dokl. 5 (1961), 961-963. 
The motion of a piston in a conducting medium in the 











presence of a magnetic field has been considered by 
several authors in varying degrees of generality. In the 
present paper, the authors consider that problem without 
any limitations on the piston velocity or on the strength 
of the magnetic field. 

The main purpose of the paper is to point out that 
since the piston problem is self-simulating, there can be 
various combinations of shock waves, rarefaction waves 
and Alfvén discontinuities. Between the waves there can 
be regions where all the variables are constant. An 
instructive diagram is given in the paper. From this 
diagram one can determine as to which of the combina- 
tions is possible with a given piston velocity. 

R. P. Kanwal (University Park, Pa.) 


10502: 

GerSuni, G. Z.; Zuhovickii, E.M. Rotation of a sphere 
in a viscous conducting fluid in a magnetic field. Z.Tehn. 
Fiz. 30 (1960), 1067-1073 (Russian) ; translated as Soviet 
Physics. Tech. Phys. 5 (1961), 999-1005. 

The subject treated is the very slow motion of a viscous 
conducting fluid due to the rotation of a sphere in the 
presence of a magnetic field directed along the axis of 
rotation. Acceleration of the fluid is neglected and the 
non-linear terms in the equation of magnetic diffusion are 
linearized. The resulting equations are then entirely linear, 
and reducible to two equations of identical form V2f= 
(M/2)?f, in which the dependence of f on the third spherical 
coordinate is in the form of e*. The only non-vanishing 
component of the velocity is v,, and the only non-vanishing 
component of the magnetic field is hs. The method of 
separation of variables is used, and the solution is in series 
form involving associated Legendre polynomials and 
Bessel functions of half-integral order. 

Chia-Shun Yih (Ann Arbor, Mich.) 


10503 : 

Ufiyand, Ya. 8. Hartman problem for a circular tube. 
Z. Tehn. Fiz. 30 (1960), 1258-1260 (Russian) ; translated 
as Soviet Physics. Tech. Phys. 5 (1961), 1194-1196. 

Uni-directional flow of a viscous fluid in a circular pipe 
in the presence of a transverse magnetic field (perpendicu- 
lar to the flow direction) is treated. The equations involved 
are a pair of linear elliptic partial differential equations, 
with the derivatives of the highest order in the form of a 
Laplacian. After an obvious but nevertheless clever 
transformation, the equations are simplified to two 
equations of the form V?2f=,?f, and the method of 
separation of variables is then used to solve them. The 
solution involves modified Bessel functions. 

Chia-Shuh Yih (Ann Arbor, Mich.) 


10504 : 

Saltanov, N. V.; Tkalit, V. S. Magnetohydrodynamic 
waves of finite amplitude. Z. Tehn. Fiz. 30 (1960), 1253- 
1255 (Russian) ; translated as Soviet Physics. Tech. Phys. 
5 (1961), 1188-1190. 

This paper deals with the plane and cylindrical 
magnetohydrodynamic waves of finite amplitude. It is 
proved that in general the magnetic and velocity fields 
are not parallel to each other, in contrast with the results 
of Alfvén. In the limit, however, the present analysis 
reduces to that given by Alfvén. 

R. P. Kanwal (University Park, Pa.) 
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10505 : 
Glauert, M. B. A study of the magnetohydrodynamic 
layer on a flat plate. J. Fluid Mech. 10 (1961), 
276-288. 

The author considers the boundary layer formed by the 
steady two-dimensional flow of a viscous incompressible 
electrically conducting fluid past a semi-infinite flat plate. 
The applied magnetic field is uniform and parallel to the 
free stream. The problem was discussed in detail by 
Greenspan and Carrier [same J. 6 (1959), 77-96; MR 21 
#6907], in an analysis involving a linear Oseen type 
theory, numerical boundary-layer calculations and a 
specific exact boundary-layer solution (that of infinite 
conductivity which is related to the Blasius solution). The 
present paper presents series solutions of the boundary- 
layer equations in the sub-Alfvénic realm for both large 
and small values of the electrical conductivity. The results 
agree with those numerical computations in the afore- 
mentioned paper and indicate, once again, that the linear 
theory, although qualitatively correct in its description of 
the major physical phenomena, may be in serious quanti- 
tative error. The results also provide valuable insight into 
the manner in which the simple solutions (zero and infinite 
conductivity) are approached. 

H. P. Greenspan (Cambridge, Mass.) 


10506 : 

Stewartson, K. On the motion of a non-cond 
body through a perfectly conducting fluid. J. Fluid Mech. 
8 (1960), 82-96. 

This is a study of two-dimensional, incompressible, 
“aligned-fields” flow, i.e., flow in which the direction of 
motion of a submerged, non-conducting body is parallel 
to the magnetic field at infinity, which is uniform and 
steady. In an effort to study the boundary conditions at 
the body surface, the author first poses the steady-flow 
problem of a viscous conducting fluid in contact with a 
fixed solid insulator occupying the half-space x <0. 

that the flow is one-dimensional, he finds that 
the “‘stream”’ speed, i.e., the velocity of the fluid at z= oo 
is not arbitrary but is related to the difference of the y- 
component of the magnetic field between the body and 
the fluid at z= oo. From this he concludes that the dis- 
continuity in this component across the current sheet in 
the limit of infinite conductivity must be 4/(pvo) times 
the discontinuity of velocity, where p is density, v is 
kinematic viscosity, and o electrical conductivity. In 
particular, an appropriate value for the material property 
vo is zero; hence the author requires continuity of 
tangential magnetic component at the surface, and adopts 
this as a boundary condition for flow around bodies of 
arbitrary shape. 

{This reviewer does not agree that the problem of the 
flow adjacent to a doubly-infinite plane solid casts any 
light on the boundary conditions for more general flows. 
Actually there is a boundary layer of large current density 
and vorticity, which grows with distance along the 
surface and therefore cannot be treated in the approxima- 
tion of a doubly-infinite body. In the limit c= «0, vo=0, 
this becomes a vortex-current sheet whose jumps in 
velocity and field strength are not uniquely related but 
must be determined by the simultaneous solution of the 
equations of the interior of the body and the flow field. 
In the special case of the doubly-infinite solid one must 
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require that conditions do not vary in the flow direction, 
and this enforces the result. mentioned.} 

Turning now to unsteady perturbations of parallel 
aligned-fields flow by a thin body in an inviscid, perfectly 
conducting fluid, the author linearizes the equations and 
points out that their solution consists of an irrotational 
part plus an Alfvén-wave-like part. If the flow is to 
become steady as too, the latter part must ultimately 
become dependent on y only (where now the undisturbed 
flow is in the z-direction). The magnetic field inside the 
body is grossly altered by the motion, and since he does 
not permit a discontinuity in tangential component, as 
mentioned above, the author concludes that a large 
perturbation occurs everywhere within parallel lines 
running fore and aft from the uppermost and lowest points 
of the body contour ; this, of course, is a contradiction of 
the small-perturbation hypothesis, so he rejects this 
solution. {As implied here, the reviewer would permit a 
current sheet at the body surface, rather than along these 
fore-and-aft-running lines. The resulting solution would 
involve small perturbations everywhere outside this 
current sheet ; the boundary condition and the solution for 
the body’s interior do not involve any small-perturbation 
assumptions. See, for example, Sears and Resler, same 
J. 5 (1959), 257-273 ; MR 21 #551.} 

In order to cast further light on the dilemma, the author 
next restudies the problem without small-perturbation 
approximations but with the assumption of very slow 
motion ; i.e., very large ratio of Alfvén-wave speed to flow 
speed ; actually the equations are the same as before, but 
their interpretation is different. Again continuity of 
magnetic field at the solid-fluid interface is required. The 
results are in agreement with what was concluded above ; 
viz., ultimately the flow is at rest (relative to the body) 
between the fore-and-aft-running parallel lines mentioned 
and is undisturbed outside these lines ; the magnetic field 
is discontinuous at these lines. 

The results are discussed in comparison with the Sears- 
Resler work [loc. cit.], which is typical of a category of 
papers, several of which are referenced in this paper. The 
author admits that these theories are “‘valid’’, but states 
that they constitute only one choice of infinitely many 
and believes that his solution for unsteady slow motion 
casts light on the proper (“realistic”) choice, at least for 
flows with stream speed less than Alfvén-wave speed. He 
believes that the work of G: and Carrier [same J. 
6 (1959), 77-96; MR 21 #6907] on flat-plate boundary 
layers reinforces this opinion. W. R. Sears (Ithaca, N.Y.) 


10507 : 

Sherman, A. Viscous ynamic boundary 
layer. Phys. Fluids 4 (1961), 552-557. 

The hydromagnetic boundary-layer equation over a 
flat plate has been solved for the case of arbitrary pressure 
gradient and arbitrary external magnetic field for the 
case of very small magnetic Reynolds numbers by means 
of Gértler’s variable. Some numerical results are given. It 
was found that the convergence of the series was very 
poor. S. I. Pat (College Park, Md.) 


10508 : 

Wu, Ching-Sheng. A class of exact solutions of the 
magnetoh ic Navier-Stokes equations. Quart. 
J. Mech. Appl. Math. 14 (1961), 1-19. 
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The hydromagnetic Navier-Stokes equations in spherical 
coordinates have been reduced into two ordinary differ- 
ential equations with non-linear coupling terms. It may 
be considered as a generalization of Landau-Squire’s jet 
solutions, 

The general solutions in closed form are not obtainable 
because of the non-linear coupling terms. The author 
solves the equation by series expansion to the magnetic 
diffusivity which is fairly small in many aerophysical 
problems. The results are that the streamlines are very 
close to those of non-conducting fluid with a rather 
complicated external magnetic field. 

S. I. Pai (College Park, Md.) 


10509: 

i » V. N. The theory of the “return” layer. 
Dokl. Akad. Nauk SSSR 134 (1960), 1313-1316 (Russian) ; 
translated as Soviet Physics. Dokl. 5 (1961), 969-972. 


10510: 

Murty, G.S. Instability of conducting fluid cylinder due 
to axial current. Ark. Fys. 18, 241-250 (1960). 

The author attacks the problem of the stability of an 
incompressible, inviscid, electrically conducting fluid 
cylinder in the presence of axial current. The effects of 
gravity and of surface tension are included into the total 
dynamic system. The author begins with the basic electro- 
magnetohydrodynamic equations of an incompressible 
fluid. The equilibrium state of the fluid is obtained by 
putting the velocity equal to zero. To construct the 
criterion of instability of the equilibrium the author 
assumes that the fluid cylinder is subjected to an axi- 
symmetric perturbation which deforms the surface of the 
cylinder into a shape given by a cosine curve. The circular 
frequency, w, is investigated in the standard way: an 
imaginary value of w indicates that the fluid cylinder is 
unstable for perturbations that deform its surface into a 
cosine shape. The fundamental! quantity in the calculation 
of w is the perturbed current-density distribution. The 
author calculates this quantity in the magnetostatic 
approximation, which is good when the electrical con- 
ductivity of the fluid is small. The current density and 
magnetic field are calculated in terms of the modified 
Bessel functions of orders zero and one. The knowledge of 
the distribution of current density inside the deformed 
cylinder enables one to calculate the distribution of 
pressure, which again is expressed by the Bessel function. 
In the next step the author calculates the dispersion 
relation. The diagram of the wmin vs. the current (amp) 
shows that the experimental values are consistently larger 
than the theoretical values. The author believes that the 
main reason for this discrepancy is due to the effect of 
gravity and the last section is devoted to this problem. 
The conclusion is that the gravity effects the radius of the 
fluid cylinder and the wavelength. 

M. Z. v. Krzywoblocki (E. Lansing, Mich.) 


10511: 

Polovin, R. V. Contribution to the theory of simple 
magnetohydrodynamic waves. Z. Eksper. Teoret. Fiz. 
39 (1960), 463-470 (Russian. English summary); trans- 
lated as Soviet Physics. JETP 12 (1961), 326-330. 

A simple wave is represented by those solutions of the 
magnetohydrodynamic equations which have the form of 
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a travelling wave, and a Riemann invariant is a function 
of the magnetohydrodynamic quantities like the pressure, 
density, velocity components and magnetic field com- 
ponents which remains invariant in a simple wave. The 
author has computed the four Riemann invariants for 
simple magnetohydrodynamic waves. The change of 
velocity in fast and slow magneto-acoustic waves is 
determined in the case when the magnetic pressure in 
front of the wave is much smaller than the hydrostatic 
pressure. F.C. Auluck (Delhi) 


10512: 

Riley, N. A magneto-hydrodynamic Stokes flow. 
Roy. Soc. London. Ser. A 260 (1961), 79-90. 

This paper concerns the slow flow of a viscous, con- 
ducting fluid past a non-conducting sphere at whose 
center is a magnetic monopole. The magnetic Reynolds 
number is assumed to be small. The flow, magnetic field, 
and drag coefficient D are obtained as functions of the 
Hartman number M. The functions involved are con- 
structed from four linearly independent solutions of 


xfiv + 8x5 f" + (Sat — x2) f” — Sx3f’ + 6f = 0, 


whose behavior at x= 0 and z= 00 is computed explicitly. 
If D, is the Stokes drag coefficient, then for small M 
(D— D,)/D,=(37/210)M2+O(M*), and for large M 
(D—D,)/De~ 0.7205M — 1. 

G. E. Backus (La Jolla, Calif.) 


Proc. 


10513: 

Regirer, 8. A. On an exact solution of the equations 
of magnetohydrodynamics. Prikl. Mat. Meh. 24 (1960), 
383-386 (Russian); translated as J. Appl. Math. Mech. 
24, 556-561. 

This paper deals with the flow of a viscous electrically 
conducting fluid between parallel plane walls. The author 
finds the plane magnetic fields which give rise to the plane 
rectilinear motion of a fluid between these walls. This 
solution belongs to the general class of solutions recently 
discussed by Lin [Arch. Rational Mech. Anal. 1 (1958), 
391-395; MR 20 #4403]. In the limit, present analysis 
reduces to the well-known solutions given by Hartman 
[Danske Vid. Selsk. Math.-Fys. Medd. 15 (1937), no. 6] 
and Lehnart [Ark. Fys. 5 (1952), 69-90; MR 14, 813]. 

R. P. Kanwal (University Park, Pa.) 


10514: 
Berezin, 0. A. Self-simulating motion of a gas with 
waves in magnetohydrodynamics. Dokl. Akad. 
Nauk SSSR 133 (1960), 296-298 (Russian); translated as 
Soviet Physics. Dokl. 5 (1961), 670-672. 

This paper deals with the solutions of the equations of a 
one-dimensional nonsteady motion of a perfect gas in the 
presence of a transverse magnetic field. The gas is assumed 
to be infinitely conducting, and viscosity and thermal 
conductivity are neglected. Exact solutions of the equations 
are obtained in the case when the velocity varies with 
time ¢ as (1+mt)-! and the density varies as (1+ mt)-*, 
where m and s are constants. Solutions corresponding to 
different values of s are discussed. F.C. Auluck (Delhi) 


10515: 
Greenspan, H. P. On the flow of a viscous electrically 
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conducting fluid. Quart. Appl. Math. 18 (1960/61), 408- 
411. 

It is shown that the Oseen equations governing the 
steady two-dimensional flow past a flat plate in the 
presence of a parallel applied magnetic field can be solved 
in very simple terms using a coordinate system and a form 
of the solution similar to that used when the ic field 
is absent [Lewis and Carrier, Quart. Appl. Math. 7 
(1949), 228-234; MR 11, 551). The solution clearly brings 
out the flow properties including the difference between 
sub-Alfvén and super-Alfvén flow and should be most 
useful to research workers in this field. 

K. Stewartson (Durham) 


10516: 

Tang, C. L.; Meixner, J. Relativistic theory of the 
propagation of plane electromagnetic waves. Phys. Fluids 
4 (1961), 148-154. 

Consider a relativistic one-component fluid. Its electro- 
magnetic properties are characterized by a dielectric 
constant and a magnetic permeability. Let a plane electro- 
magnetic wave pass through it. The authors determine the 
total-energy momentum tensor of the electromagnetic 
field plus fluid, and use this result to discuss the differences 
which arise between Minkowski’s and Abraham’s definition 
of the energy-momentum tensor of the electromagnetic 
field inside matter. [The authors do not relate their results 
to the extensive general discussions of this problem given 
by G. Marx and G. Gyérgyi; for a review of their work 
see Ann. Physik (6) 16 (1955), 241-256; MR 18, 261.] 

N. L. Balazs (Princeton, N.J.) 


10517: 
Pham Mau Quan. Thermodynamique d’un fluide 
relativiste. Boll. Un. Mat. Ital. (3) 15 (1960), 105-118. 
L’auteur écrit, en relativité générale, l’hypothése de 
conduction de Fourier en posant, pour le vecteur courant 
de chaleur q 


qa = —K0,0(9.? — WU.) 


ou 6 est le champ scalaire de températures, « le coefficient 
de conductivité thermique, u, la vitesse unitaire. I] prend 
pour tenseur d’impulsion énergie 


Tap = PUatlg — Tap — (Uap + Usa) 


(p densité propre, 7., tenseur des pressions) et déduit 
l’équation de continuité et les équations du mouvement 
des conditions de conservation. L’auteur étudie ]’intégra- 
tion locale des équations du champ (probléme de Cauchy), 
les variétés caractéristiques (en particulier il détermine la 
vitesse du son, en premiére approximation, pour q petit) 
et les conditions de raccordement. 

Y. Fourés-Bruhat (Paris) 


10518: 

Arynov, A. The steady relativistic flow of gas with 
axial (rotational case). Dokl. Akad. Nauk 
SSSR 125 (1959), 512-514 (Russian); translated as 
Soviet Physics. Dokl. 4, 267-270. 

The author starts with the relativistic sound equation 
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and the invariant rotation equation 
(-B)--r8 
xp O24 Oa, 
where % is the pseudovelocity as used by F. I. Frankl 
[cf. #10519]. o is the specific entropy of the residual energy. 
The equations under consideration can be expressed in a 
suitable form by using cylindrical coordinates x,=z, 
Za=r, x3=q. Expanding the determinant of the co- 
efficients of the first derivatives in the transformed system 
and his strip conditions the author gets the characteristic 
equations of the system and the tangent of the Mach 

angle in the meridional plane 

1 1 

ee* ygeny Pag nee 
He gets further the relativistic analog of the classical 
theory regarding the specific entropy o, the Bernoulli 
constant yo, and the circulation along a stream-line, the 
ordinary velocity being replaced here by the pseudo- 
velocity. M. Pinl (Cologne) 


10519: 

Frankl’, F. I. Isentropic relativistic gas flows. Soviet 
Physics. JETP 4 (1957), 401-403. 

If p is the density of a fluid, p its pressure, e the 
internal energy-density, 7’ the temperature and S the 
entropy per unit of rest-energy, then 


TdS = dJ —dp|p 


where J=(e+p)/p. The energy-tensor 7';* is defined in 
terms of the velocity 4-vector, w, as 
Te = (e+ p)ucu* —d;*p. 

The pseudovelocity v;=Ju, is introduced and it is shown 
that the vorticity equation of classical hydrodynamics 
has an analog in relativistic hydrodynamics provided that 
the pseudovelocity is used. A non-linear equation for the 
propagation of sound waves is also found. It is further 
proved that the circulation of the pseudovelocity, around 
a closed curve moving with the fluid, is a constant in a 
barotropic flow. G. C. McVittie (Urbana, II.) 


10520: 

Elrick, D. E. Transient two-phase 
porous media. Phys. Fluids 4 (1961), 572-575. 

From the author’s summary: “The dynamics of two- 
phase capillary displacement in a finite one-dimensional 
system following a step change in pressure of one phase at 
one end is considered. Darcy’s law and the equation of con- 
tinuity for each phase together with the capillary pressure- 
saturation relation are the fundamental equations de- 
scribing the flow system. The resulting system of differential 
equations is linearised by assuming a linear relationship 
between the capillary pressure and the saturation as well 
as constant conductivity values of both phases. Solutions 
of the linearised problem are found and presented in some 
detail. In the limiting case, as the conductivity of one 
phase becomes much greater than the other, the solution 
reduces to the known single-phase solution.” 


G. Paria (Kharagpur) 
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10521 : 
Tukaev, A.G. The problem of determining the pressure 


OPTICS, ELECTROMAGNETIC THEORY, CIRCUITS 









10519-10524 


function in strata of variable capacity under elastic 
conditions. Dokl. Akad. Nauk SSSR 134 (1960), 1317- 
1319 (Russian); translated as Soviet Physics. Dokl. 5 
(1961), 976-978. 
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See also A9932, 10197, 10260, 10263, 10309, 10324, 10355, 
10356, 10485, 10488, 10491, 10498a—b, 10724, 10740. 


10522: 

Whittaker, E. T. %The theory of optical instruments. 
Reprinting of Cambridge Tracts in Mathematics and 
Mathematical Physics, No. 7. Hafner Publishing Co., 
New York, 1960. viii+72 pp. $3.00. 

[Reprint of 2nd ed., Cambridge Univ. Press, London, 
1915.] A crisp, clear, and thorough account of Gaussian 
and third-order uptics in the first 55 pages, followed by 
17 pages on simple optical instruments. 

G. L. Walker (Providence, R.I.) 


10523: 
Biot, A. Sur laberration i latérale des 
systémes optiques. Ann. Soc. Sci. Bruxelles. Sér. I 72 


(1958), 107-117. 

Author’s summary: “On établit d’abord la relation 
générale de passage pour l’aberration chromatique latérale 
d’un systéme optique plongé dans |’air. Cette relation est 


e’ = e—dgp/gp + 8P|(L—1) —8P"(l' —L’) 
ou 
e’ = e—[F(L+)8F — Fa, + Lildae)/ FL —1) 


dans lesquelles, si h et h’ sont respectivement la grandeur 
de l’objet et de l'image, 5h et dh’ les variations chroma- 
tiques de ces grandeurs, on a e’ = dh’ /h’ et e= dh/h. De plus, 
L représente la distance de la pupille d’entrée au plan 
focal objet ; J, la distance de l’objet au méme plan; F, la 
longueur focale ; 5P, 5P’, 5F, 52; et 5x2 respectivement les 
variations chromatiques aux pupilles et celles de la 
longueur focale et des derniéres abscisses focales. On 
applique ces relations au cas d’un systéme de lentilles 
minees, & une lentille épaisse et & une lame a faces planes 
et paralléles. On considére ainsi les cas des dioptres plan 
et sphérique et différents cas particuliers d’application. 
L’ensemble des relations établies permet l'étude d’un 
systéme optique quelconque. Les méthodes de calcul sont 
celles de l’optique classique élémentaire.”’ 


10524: 

Bennett, H. E.; Porteus, J. 0. Relation between 
surface and reflectance at normal 
incidence. J. Opt. Soc. Amer. 51 (1961), 123-129. 

From the authors’ summary : “Expressions relating the 
roughness of a plane surface to its specular reflectance at 
normal incidence are presented and are verified experi- 
mentally. The expressions are valid for the case when the 
root mean square surface roughness is small compared to 
the wavelength of light. If light of a sufficiently long 
wavelength is used, the decrease in measured specular 
reflectance due to surface roughness is a function only 
of the root mean square height of the surface irregularities.” 
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10525 : 
Imaging of extended poly- 
transfer functions. J. 
Opt. Soc. Amer. 51 (1961), 143-151. 

Author’s summary: “The problem of imaging with 
partially coherent polychromatic illumination is solved in 
terms of the most general formulation of coherence theory 
due to Wolf. It is shown that for this problem the frequency- 
domain analysis is still valid and depends for its applica- 
bility only on the linearity and stationarity of the system 
being studied. The appropriate transfer function is seen 
to be the product of the frequency dependent-aperture 
distribution considered as a function of spatial frequency 
#41 multiplying its complex conjugate evaluated at another 
frequency pe. In earlier papers by the present author 
several theorems relating to the existence and propagation 
of partially coherent fields were obtained. In the present 
paper these theorems are used to deduce the limiting forms 
of the generalized transfer functions referred to above. In 
particular the form of the transfer function for coherent 
and incoherent radiation is obtained with no approxima- 
tion on the spectral width of the radiation. Further it is 
shown that introducing the quasi-monochromatic approxi- 
mation reduces the generalized transfer functions to the 
familiar forms found in the literature.” 


10526: 

Babrov, Harold J. Instrumental effects in infrared gas 
spectra and spectroscopic temperature measurements. 
J. Opt. Soc. Amer. 51 (1961), 171-174. 

Author’s summary: “The effect of a most general 
spectrometer response function (slit function) on the 
measured transmission and emission of gases is investi- 
gated. It is shown that, although both the measured 
absorption and emission of hot gases are distorted by the 
slit function, the temperature determined by the infrared 
monochromatic radiation method is independent of the 
slit function. It is also shown that the conditions for the 
invariance of the integrated transmission are much milder 
than those previously assumed.” 


10527: 
Ronchi, Vasco. Analyse critique des fondements de 
Poptique. Sciences (Paris) No. 6 (1960), 41-47. 


10528 : 

Markovit, M. G.; Cukkerman,I.I. Spherical aberration 
of a four-pole magnetic lens. Z. Tehn. Fiz. 30 (1960), 
1362-1368 (Russian) ; translated as Soviet Physics. Tech. 
Phys. 5 (1961), 1292-1298. 

Authors’ abstract : “The spherical aberration of a short, 
four-pole magnetic lens is calculated. In the ‘symmetric’ 
four-pole lens this aberration has the same sign as in 
lenses with rotational symmetry. Conditions are indicated 
for changing the sign of the spherical aberration in 
‘asymmetric’ four-pole lenses.” 

J. EB. Rosenthal (Passaic, N.J.) 


[Straikevit, A. M.}. 
Han ONTHKA 3NeKTpPOCTaTH4eCKHX none He 
ocesod cummeTpuell. 
fields without axial 


We DNEKTPOH- 
o6nayaloulHx 


optics of electrostatic 
. Gosudarstv. Izdat. Fiz.- 
Mat. Lit., Moscow, 1959. 251 pp. 8.40r. 
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This book is devoted to a study of the electron optical 
properties of electrostatic fields and to the motion of 
relativistic charged particles. The method of trajectories, 
rather than the eikonal method, is used throughout. A 
surprising wealth of material is included in the 250 small- 
size pages. Section I considers general problems including 
graphic and analytic determinations of 3-dimensional 
relativistic trajectories, which the reviewer has not seen 
before in either English or German. (In this book references 
to original papers on this topic are entirely to Russian 
literature.) Section II discusses fields having symmetry 
planes. Explicit analytic solutions of the potential problem 
are given for a number of fairly complex lens systems. 
Fields having antisymmetry properties are treated in 
section III, which includes applications of the theory to 
the “deflectron’’. Section IV deals with the relativistic 
theory of geometric aberrations of corpuscular beams of 
arbitrary shape in an arbitrary electrostatic field. The 
Appendix includes formulas for cylindrical lenses formed 
by slits and for antisymmetric fields, such as those of the 
cyclotron dees and of the two-section magnetron. While 
no attempt is made at a complete bibliography, the nearly 
150 references cited, to both Russian and non-Russian 
literature, are quite representative. It is interesting to 
note that quite a few texts on electron optics have been 
translated into Russian from German and English. 

According to the annotation, the treatment presupposes 
a knowledge of electron optics of systems with axial 
symmetry. This requirement appears quite unnecessary 
as all the basic formulas are given in general form. The 
book is eminently readable, the notation is not cumber- 
some and is clearly defined. The main disadvantage is the 
lack of an index. It is unfortunate that the language 
barrier will prevent widespread use of the book. Though 
it is restricted to electrostatic fields, it should be of great 
help to designers of electron tubes and of particle accelera- 
tors. The reviewer hopes to see it translated. 

J. EH. Rosenthal (Passaic, N.J.) 


10530: 

Lapeyre, Renée; Laudet, Michel. Sur une méthode 
d’intégration numérique des trajectoires marginales en 
Optique électronique. C. R. Acad. Sci. Paris 251 (1960), 
1874-1876. 

Convergence conditions are studied for an iterative 
numerical-integration method for nonparaxial trajectories 
in electron optics. A new formula of the Runge-Kutta 
type is set up, which gives a fifth-order correction for the 
function and a fourth-order correction for the derivative. 

J. EH. Rosenthal (Passaic, N.J.) 


10531: 

StraSkevit, A. M. pole lenses whose fields do not 
have antisymmetry. Z. Tehn. Fiz. 30 (1960), 1199-1206 
(Russian); translated as Soviet Physics. Tech. Phys. 5 
(1961), 1136-1142. 

The quadrupole lenses studied consist of two pairs of 
electrodes either in the form of plates or in the form of 
cylindrical segments. The usual assumption is made as to 
long length in one dimension so that the fields are plane, 
i.e., independent of the z-coordinate. Nonantisymmetric 
fields formed by such lenses are investigated, the working 
region at the center of the field being considered in detail. 
Trajectory equations of charged particles in these fields 
are given in a relativistic approximation. Electron-optical 
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parameters are given for the central region neglecting edge 
effects. It follows from the relations obtained that in the 
absence of antisymmetry, the focal lengths frig =fyi.) are 
changed but by the same factor. 

J. HE. Rosenthal (Passaic, N.J.) 


10532: 

Killeen, John; Gibson, Gordon; Colgate, S.A. Boundery- 
layer formation in the pinch. Phys. Fluids 3 (1¥60), 
387-394. 


10533 : 

Ichikawa, Yoshi H. On the kinetic equation for a high 
temperature plasma. Progr. Theoret. Phys. 24 (1960), 
1083-1108. : 

This paper is devoted to the derivation of the kinetic 
equation for a nonuniform plasma, with particular 
emphasis on the problem of plasma oscillations. This 
involves the determination of the two-particle correlation 
function, for which an integral equation is derived. The 
integral equation is not solved, but the solution is approxi- 
mated by a part of the inhomogeneous term (no criterion 
is offered for the validity of the approximation). This 
results in a kinetic equation which resembles the Vlasov 
(collisionless Boltzmann) equation with the average electric 
field replaced by a velocity-dependent effective field. The 
equation is applied to the solution of the generalized 
plasma oscillation problem. While some of the mathematics 
is questionable, a rather remarkable conclusion is reached 
which seems to have some qualitative validity, namely, 
that the damping of the oscillations due to correlations 
may dominate the Landau damping at long enough wave- 
lengths. R. Guernsey (Seattle, Wash.) 


10534 : 

Pradhan, T.; Misra, P. Dielectric constant of a dense 
electron gas. Phys. Rev. (2) 119 (1960), 1878-1881. 

Propagation of electromagnetic waves in a degenerate 
electron “gas is treated semi-classically by use of the 
linearized Boltzmann equation and the Fermi-Dirac 
distribution function. A dispersion relation is obtained by 
taking a simple model for the Boltzmann collision term, 
and using Van Kampen’s method [T. Pradhan, Phys. Rev. 
(2) 107 (1957), 1222-1227; MR 21 #1121] to resolve 
difficulties arising from the singularity in the integral over 
velocity space. Expressions for the dielectric constant 
and the conductivity of the gas are given. 

R. M. May (Cambridge, Mass.) 


10535 : 

Kruskal, Martin. Hydromagnetics and the theory of 
plasma in a strong magnetic field, and the energy principles 
for equilibrium and for ity. La théorie des gaz 
neutres et ionisés (Grenoble, 1959), pp. 251-274. Hermann, 
Paris ; Wiley, New York ; 1960. 

This is a course of lectures on hydromagnetism and 
theory of plasma in a strong magnetic field. It is an 
excellent review of the subject. One can treat a plasma 
either as the limiting case of a fluid or as the limiting case 
of a gas. In the fluid model, one uses the equation of 
conservation of matter, the equation of conservation of 
momentum, the equation of state and the Maxwell 
equations together with generalized Ohm’s law. For a 
large number of problems it is simpler to consider the 
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case of infinite electrical conductivity. The equilibrium 
configurations can be worked out by introducing a 
number of constants of motion defined on the magnetic 
surfaces. The stability problem is then formulated as an 
energy principle. 

On the particle picture, one starts with Vlasove equation 
in the strong magnetic field limit. This equation describes 
the motion of a system of charged particles (each species 
of particles being characterized by the mass m and charge 
e) in the limit when particles are so numerous and so 
densely distributed that one could neglect the granular 
effects due to the discreteness of the particles and all 
inter-particle forces except those arising from the average 
electromagnetic field. The paper gives a brief account of 
the method for determining the distribution function for 
particles (in phase space) when the plasma is in equi- 
librium and the corresponding energy principle for its 
stability. For details the reader is referred to a number of 
papers published by the author. F.C. Auluck (Delhi) 


10536: 

Kaufman, Allan N. Plasma transport . La 
théorie des gaz neutres et ionisés (Grenoble, 1959), 
pp. 293-353. Hermann, Paris; Wiley, New York, 1960. 

An extensive review of plasma transport theory based on 
the Fokker-Planck equation. The first section begins with 
a review of Rostoker and Rosenbluth’s method [Phys. 
Fluids 3 (1960), 1-14; MR 22 #4340] for obtaining 
successive solutions of the Liouville hierarchy in inverse 
powers of the number of particles in a Debye sphere, «. 
The inconsistent and consistent test-particle problem 
(depending on whether the test-particle and field equations 


are taken to the same order in e) is examined to determine 
the appropriate dynamic friction, <Av), and dispersion, 
<AvAv»>. A comparison is then made between these 
expressions for <Av), <AvAv) and those obtained by 


considering only the large-angle binary collisions between 
the test and field particles. Having obtained the appro- 
priate Fokker-Planck equation, the second section begins 
with a general discussion of the transport coefficients for 
a plasma in externally applied electric and magnetic 
fields. The transverse coefficients are obtained in the limit 
of small collision to gyration frequency, and recently 
developed variational techniques for evaluating the 
longitudinal coefficients are included. The section ends 
with a discussion of the equation of state. The last 
section contains a brief review of the runaway-electron 
problem. E. A. Jackson (Princeton, N.J.) 


10537: 

Hajdu, Janos. Zur Theorie der magnetischen 
standsiinderung. I. Z. Physik 160 (1960), 47-58. 

Author’s summary: “Die bekannten Ergebnisse tiber 
die magnetische Widerstandsinderung von Metallen 
werden erginzt durch Bestimmung der Stobzeiten mit 
einem Variationsverfahren zur Lésung der In - 
gleichung und durch Berechnung von mittleren r- 
gangswahrscheinlichkeiten in typischen Fallen.” 


Wider- 


10538 : 
Hajdu, Janos. Zur Theorie der magnetischen Wider- 
standsiinderung. II. Z. Physik 160 (1960), 481-490. 
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Author’s summary: “Die oszillierende Anderung des 
elektrischen Widerstandes wird aus einer einfachen 
Quantentheorie freier Elektronen im Magnetfeld, die nur 
die diskrete Struktur der Energie beriicksichtigt, berechnet. 
Genauere Untersuchungen der StoBzeit und der Dichte- 
matrix bestiatigen die Ergebnisse. Sie stimmen auch mit 
jenen iiberein, die durch Lésen einer Transportgleichung 
erhalten wurden.” 


10539 : 

Haus, H. A. Thermal noise in dissipative media. J. 
Appl. Phys. 32 (1961), 493-500. 

Fluctuating electromagnetic fields occur in any dissi- 
pative body. In the case when a body is at equilibrium 
with its surroundings, there is no net power radiation 
associated with the random thermally generated fields, 
but when it is not in equilibrium, the net radiation is the 
thermal noise produced by the body. The author examines 
the situation in which the distribution functions of charge 
carriers, which account for both heat and current flow, 
are only slightly different from those in the equilibrium 
situation. V. M. Papadopoulos (Melbourne) 


10540: 

Roman, P. Generalized Stokes parameters for waves 
with arbitrary form. Nuovo Cimento (10) 13 (1959), 
974-982. (Italian summary) 

The Stokes parameters frequently used to characterize 
the state of polarization of an electromagnetic wave apply 
toa quasi-monochromatic plane wave only. In the present 
paper a generalization is obtained for quasi-monochromatic 


wave of arbitrary form. This is achieved by expanding the 
3 x 3 correlation matrix of the wave in terms of a minimal 
set of linearly independent 3x3 matrices. The analysis 
leads to 9 generalized Stokes parameters. In the case of a 
completely polarized wave these parameters are coupled 


by 3 relations. E. Wolf (Rochester, N.Y.) 


10541: 

Minkov, I. M. Solution for the field of a capacitor 
whose plates have the form of open spherical segments. 
Z. Tehn. Fiz. 30 (1960), 1355-1361 (Russian) ; translated 
as Soviet Physics. Tech. Phys. 5 (1961), 1285-1291. 

This paper is concerned with the potential of the electro- 
static field of the capacitor whose plates have the form of 
open concentric spherical, conducting segments, and the 
charge density on its plates. The potential and the charge 
density can be expressed in quadratures through an 
auxiliary function which is a solution of a homogeneous 
Fredholm integral equation with continuous kernel. For 
the auxiliary function, an expression is found in the form 
of a power series of a parameter (r:/r2)'/2, whose co- 
efficients are determined with the aid of recursion formulas. 
The radius of the inner segment is r:, the outer re. In 
addition, a formula is obtained for the total charge 
distributed on the inner and outer open segments. 

K. Noda (Tokyo) 


10542: 

Morris, E. Spatial correlations in the thermal fluctua- 
tions of electrical quantities in the presence of conducting 
surfaces. With an additional note by R. Fiirth. 
Physica 26 (1960), 687-697. 





OPTICS, ELECTROMAGNETIC THEORY, CIRCUITS 


It is postulated that, because of thermal motion, the 
electric charge measured in small regions of a conducting 
surface will be a statistically connected random variable. 
The probability of a given fluctuation from equilibrium is 
derived from the energy required to bring the system into 
a given fluctuation state. It is shown that the correlation 
function of the charge density fluctuation is related to 
the Green’s function for the surface. Since the potential 
is related to the charge-density, an expression for the 
correlation function of the potential fluctuations is also 
readily derived. The application to a spherical conductor 
is treated. R. Kahal (Washington, D.C.) 


10543 : 
Jaggi, R. Potentials in a conductor of varying cross 
section. Phys. Rev. (2) 122 (1961), 448-449. 


10544: 

Grinberg, G. A.; Kolesnikova, E.N. On the calculation 
of the electrostatic field of a system of plane diaphragms 
with circular apertures. Z. Tehn. Fiz. 30 (1960), 723-733 
(Russian); translated as Soviet Physics. Tech. Phys. 5, 
678-687. 

The authors first consider two parallel conducting 
planes, in each of which a circular aperture is situated on 
@ common axis perpendicular to the planes. The radii of 
the apertures are different and there is a difference of 
potential between the planes, as well as a finite electric 
field strength parallel to the axis at infinity. The problem 
is solved by means of linear integral equations. First a 
charged infinitely thin circular ring parallel to a conducting 
plane with a circular aperture coaxial with the ring is 
considered. Integral equations are derived for the charge 
densities on both former planes using the potential func- 
tion of the latter case. These are solved by successive 
approximations and numerical values are shown in tables. 
Finally, the field strength and the potential on the axis 
of the system are calculated. Some remarks are made as 
to the extension of the solution to the case of an external 
electric field. M. J. O. Strutt (Ziirich) 


10545: 

Péel’nikov, Yu. N. On the determination of the propa- 
gation constants of electromagnetic waves in delay systems 
in the of an electron beam. Radiotehn. i 
Elektron. 4 (1959), 1493-1498 (Russian); translated as 
Radio Engrg. and Electronics 4, no. 9, 124-134. 

Propagation constants in a travelling wave tube are 
found at low-current densities. The calculation in this 
case is shown to reduce to the solution of an algebraic 
equation whose coefficients are determined by expanding 
the initial dispersion equation in a Taylor series up to 
che second-order term. The proposed method is illustrated 
on simple examples. J. EH. Rosenthal (Passaic, N.J.) 


10546 : 
Bondi, H. On the reception of 
Proc. Roy. Soc. London. Ser. A 261 (1961), 1-9. 
The reception of non-harmonic electromagnetic waves 
by a simple current loop is investigated. It is shown that 
by imposing restrictions on either the receiver or trans- 
mitter it is possible to determine an optimum current in 


ic waves. 
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the receiver such that the total energy obtained is a 
maximum. The case when no restrictions are imposed is 
also examined. W. E. Williams (Liverpool) 


Rimskii-Korsakov, A. V. Statistical properties of a 
radio broadcast si Akust. Z. 6 (1960), 360-369 
(Russian) ; translated as Soviet Physics. Acoust. 6 (1961), 
360-368. 


10548 : 

Wait, James R. A new approach to the mode theory of 
VLF tion. J. Res. Nat. Bur. Standards Sect. D 
65D (1960), 37-46. 

This article starts from an approximative mode ex- 
pansion, holding at great distances, for the diffraction of 
radio waves propagating around a finitely conducting 
spherical earth surrounded by a homogeneous atmosphere. 
This expansion, depending on Airy functions, is applied to 
a spherical shell between the earth’s surface r=a and a 
concentric sphere at r=a+h. The properties of the 
atmosphere outside the shell are accounted for by a 
proper impedance boundary condition at r=a+h, while 
a similar condition at the inner boundary r=a character- 
izes the electrical properties of the earth. The correspon- 
ding introduction of two surface impedances is equivalent 
to the existence of two different reflection coefficients, R; 
and R,, for the reflection of each individual mode at 
r=a+h and r=a respectively. Well known geometric 
considerations, according to which an original wave 
within the spherical shell is reflected again and again at 
its two boundaries (thus producing a final field represented 
by a geometrical progression), are applied here to the mode 
expansion known from the diffraction theory for a homo- 
geneous atmosphere. The resulting field is replaced by a 
contour integral which, in its turn, equals a sum of 
residues (Watson transformation). The residue series thus 
obtained can still be simplified when neglecting the earth’s 
curvature. The extended theory including the anisotropy 
caused by the earth’s magnetic field leads to a coupling 
between TE and TM modes which is absent without such 
a field. However, the smallness of this coupling at low 
frequencies enables getting approximations differing from 
those of the isotropic case by a proper modification of 
some parameters. The numerical effect of the earth’s 
magnetic field is illustrated by a number of figures. 

H. Bremmer (Eindhoven) 


10549 : 

Buchal, R. N.; Keller, J. B. Boundary layer problems 
in diffraction theory, Comm. Pure Appl. Math. 13 
(1960), 85-114. 

In Keller’s geometrical theory of diffraction the wave 
motion is singular on the boundaries of the shadow and 
of the reflected wave as well as at the edge of the screen 
and on the caustic. In diffraction problems for the reduced 
wave equation, as the wave number & tends to infinity, 
the wave motion will vary rapidly in thin layers along the 
above surfaces of si ities. These layers, whose thick- 
ness tend to zero as k tends to infinity, are called boundary 
layers. By di the wave motion in these boundary 
layers, the authors are able to improve upon the pre- 
dictions of geometrical optics. They derive asymptotic 
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expansions in fractional powers of k, depending on the 
type of surface of singularities (shadow, edge, etc.). They 
also apply their general results to the diffraction of a plane 
wave by a circular aperture at normal incidence and obtain 
the first four terms of the asymptotic expansion of the 
corresponding cross-section. 

C. J. Bouwkamp (Eindhoven) 


10550: 

Karal, F. C., Jr.; Karp, 8. N.; Chu, Ta-Shing; Kouyoum- 
jian, R.G. Scattering of a surface wave by a discontinuity 
in the surface reactance on a right angled wedge. Comm. 
Pure Appl. Math. 14 (1961), 35-48. 

The authors continue work which has been done on 
finding solutions in wedge-shaped regions with impedance- 
type boundary conditions on the surfaces. The general 
approach is based on work of Stoker and Lewy in water- 
waves. The main interest in this paper lies in the problem 
of diffraction of surface waves at the vertex of a right- 
angled wedge. V. M. Papadopoulos (Melbourne) 


10551 : 

Williams, W. E. Refraction and diffraction of pulses. 
Canad. J. Phys. 39 (1961), 272-275. 

This is principally an examination of the process of total 
reflection at a plane refracting interface, one previously 
solved by Friedlander. The difference between the new 
and old approaches is not as great as the author would 
have us think; Friedlander goes directly to a singular 
Cauchy integral to represent his solution while the author 
in essence first transforms to the frequency plane and 
then inverts the transformation. 

There is one incorrect statement used to justify the 
second half of the author’s paper. With reference to the 
reviewer's own work, is it not surprising that the process 
of superposition of step functions via Duhamel’s integral 
to form the consequence of an input field of arbitrary time 
dependence should not be familiar to the author? 

His discussion with specific reference to diffraction by 
a half-plane in the common surface between two media is 
not suitable for the case of incident totally reflected fields. 


V. M. Papadopoulos (Melbourne) 


10552: 

Rubinow, S. I.; Keller, Joseph B. Shift of the shadow 
bo and scattering cross section of an opaque object. 
J. Appl. Phys. 32 (1961), 814-820. 

When scalar waves of wave-length A are incident on an 
opaque object of typical dimension a, a shadow is formed 
which differs slightly for small values of A/a from the 
geometrical shadow (the limiting case A/a—>0). The geo- 
metrical shadow is bounded by the rays which touch the 
object. But when A/a is small and not zero, the shadow 
boundary is parallel to, but slightly displaced from, the 
geometrical shadow boundary. 

Artmann [Z. Physik 127 (1950), 468-494; MR 12, 145) 
showed that when plane waves are incident normally on 
a circular cylinder of radius a, the shift is asymptotically 
equally to «(A2a)1/3, where a is positive for a soft cylinder, 
negative for a hard cylinder. A similar result was found 
by Rice [Bell System Tech. J. 33 (1954), 417-504; MR 
15, 843]; here a is the radius of curvature of the cylinder 
at the point of tangency of the geometrical shadow 
boundary. 
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It is to be expected that the shadow boundary shift is 
a local effect, so that Artmann and Rice should have got 
the same values for «. There was fair agreement for a soft 
cylinder, but not for a hard cylinder. 

The present authors have redet >rmined « for a circular 
cylinder, and find agreement with the result for the para- 
bolic cylinder. They have also determined the shift and 
scattering cross-section for a circular cylinder on which the 
field satisfies an impedance boundary condition. The case 
of electromagnetic plane waves is also considered. 

These results lead the authors to conjecture that the 
shift of the boundary of the shadow cast by any two- or 
three-dimensional object is asymptotically equal to 
a(A2a)1/3 along each boundary ray, where a denotes the 
radius of curvature of the surface of the object at the 
point of tangency of the ray in a plane containing the ray 
and the normal to the surface, and that the constant a 
depends on the impedance of the object at the point of 
tangency and is the same as for a circular cylinder. 

E. T. Copson (St. Andrews) 


10553 : 

Wolf, E. Electromagnetic diffraction in optical systems. 
I. An integral representation of the image field. Proc. 
Roy. Soc. London. Ser. A 253 (1959), 349-357. 

Author’s summary: “An integral representation is 
obtained for the electromagnetic field in the image space 
of an optical system. This representation, which is not 
restricted to systems of low angular aperture, is in the 
form of an angular spectrum of plane waves, and is 
closely related to that introduced by Luneberg [in lectures 
at Brown University, 1944] as a vector generalisation of 
well-known formulae of Debye and Pieht. It is shown that 
the representation has a simple interpretation in terms of 
a modified Huygens-Fresnel principle which operates with 
secondary plane waves rather than with secondary 
spherical waves.” E. T. Copson (St. Andrews) 


10554: 

Kraus, Lester; Levine, Leo M. Diffraction by an 
elliptic cone. Comm. Pure Appl. Math. 14 (1961), 49-68. 

The Helmholtz equation V?G + k?G = — 5(r—r’) is solved 
by separation of variables in sphero-conal coordinates to 
obtain the Green’s functions for either the exterior or 
the interior of a semi-infinite, elliptic cone. Solutions are 
given for either G=0 or 0G/@n=0 on the cone. Applica- 
tions, especially to diffraction by a plane angular sector, 
are discussed elsewhere. J. W. Miles (Los Angeles, Calif.) 


10555 : 

Mertens, Robert. On the theory of the diffraction of 
light by two parallel ultrasonic waves, one being the nth 
harmonic of the other. Z. Physik 160 (1960), 291-296. 

Author’s summary: “Assuming the validity of Raman 
and Nath’s preliminary theory, the amplitudes of the 
light diffracted by two parallel ultrasonic waves consisting 
of a fundamental tone and its nth harmonic are compared 
in the following cases : (1) the sound waves are superposed ; 
(2) the sound waves are situated side by side. The diffrac- 
tion patterns are approximately the same if the condition 
(wn L/A*)\sin 0,| <1 is fulfilled, where sin #,= —s(A/yoA*) 
(se being an integer); A is the wave-length of the incident 
light in vacuum, A* is the wave-length of the fundamental 


1798 


OPTICS, ELECTROMAGNETIC THEORY, CIRCUITS 








tone of the sound waves, po is the refractive index of the 
medium and ZL the width of the sound field. The good 
agreement between recent experiments of Murty and Rao 
in the arrangement of case (2) and theoretical results 
calculated in case (1) is thus justified. The theoretical 
confirmation of older experiments by Pande, Pancholy 
and Parthasarathy is ay established at the same 
time.” 


10556 : 

Sirman, Ya. D.; Vainoris, Z. A. Fundamentals of the 
theory of a helical delay line. Radiotehn. i Elektron. 4 
(1959), 1485-1492 (Russian); translated as Radio Engrg. 
and Electronics 4, no. 9, 111-123. 

The straightforward solution is given for the boundary 
value problem of propagation on two coaxial cylinders, 
one conducting in the axial direction and the other in 
the helical direction, separated by a dielectric. Approxi- 
mate solutions are calculated for the resulting dispersion 
relation, and some numerical plots are given for special 
cases. Comparison is made with the solution for the 
equivalent plane structure. 

E. T. Kornhauser (Providence, R.L1.) 


10557 : 

Wa, Tai Tsun. The imperfectly conducting coaxial 
line. Quart. Appl. Math. 19 (1961), 1-13. 

This is a detailed examination of propagation in an 
infinite coaxial line. One half has a perfectly conducting 
outer wall, being regarded as the source of energy, and 
the other half has an imperfectly conducting outer wall. 
The specific excitation is a current sheet on the outer 
wall of the line, and the solution is obtained by the usual 
Wiener-Hopf technique. 

More examination is given for the case when the outer 
wall has a small skin depth, so that a linkage between the 
inside and the outside of the line is expected. The interior 
solution is adequate to show the radiative nature of the 
field in the lossy section, and it shows the lack of validity 
of the “mode” concept in this context. 

The solution is capable of providing further information 
on (i) the electromagnetic shielding problem, (ii) the 
antenna problem in the presence of field generator. In the 
second of these, it will provide an in and more 
economical approach to the subject discussed by the 
reviewer [same Quart. 17 (1959/60), 423-436; MR 22 
#3433]. V. M. Papadopoulos (Melbourne) 


10558 : 
Noda, Ken-ichi. Circular electric wave transmission 
hybrid-mode waveguide. Rev. Elec. Comm. Lab. 
8 (1960), 426-464. 

Some general formulae are given for the generation of 
modes from distributed sources in hybrid mode wave- 
guides. The methodology is fairly standard. The converted 
mode power is calculated by solving the problem of 
radiation from the induced polarization of the irregular 
parts of the guide. The novel feature of the present analysis 
is the generalization to inhomogeneously filled guides with 
impedance walls. Applications are made to the problem 
of bends in waveguides and the correct effects of (non- 
uniform) dielectric coatings on the inside wall. 

J. R. Wait (Boulder, Colo.) 
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10559 : 

Levine, Daniel. Maximum antenna gain of shaped 
beams. J. Franklin Inst. 271 (1961), 184-191. 

The maximum gain of a shaped beam is defined as the 
ratio of the power per unit solid angle attained at the 
peak of the beam compared to the average power per 
unit solid angle radiated by the antenna. The author 
computes (approximately) the fraction of the total power 
that a parabolic reflector concentrates between the 3 db 
points of the main beam and assumes that the fraction of 
power contained in a practical-shaped beam will not 
significantly exceed that amount, which is 40 percent of 
the total. Based on this assumption of energy partition 
the maximum gain is computed for a cosecant squared 
beam and two types of modified cosecant squared beams. 
The assumption that a shaped beam will, in general, not 
exceed 40 percent in energy efficiency is not supported by 
either a rigorous proof or a very convincing argument. 
The author states that varying the assumed efficiency 
from 32 percent to 50 percent will result in maximum 
gain variation of not more than 1 db. This, however, 
corresponds to 25 percent variation in gain. In view of 
the approximate nature of the results they are useful 
mostly for rough estimates of maximum gain. 

A. Ksienski (Culver City, Calif.) 


10560: 

Carome, E. F.; Witting, J. M. Theory of ultrasonic 
attenuation in cylindrical and waveguides. 
J. Acoust. Soc. Amer. 33 (1961), 187-197. 

When a plane-piston source radiates sound axially 
along a cylindrical or prismatic column there are inter- 
ference effects from reflections at the wall, and an apparent 
“attenuation” of magnitude varying with distance, 
ascribable to beam-spreading. In this paper such effects 
are calculated theoretically for an inviscid fluid with 
(a) a rectangular piston radiating down a rectangular 
column of greater cross-section, to a receiver identical 
with the source, and (b) a circular piston radiating to an 
identical receiver down a larger cylinder. On the longi- 
tudinal walls of the fluid column, pressure-release or rigid 
boundary conditions are separately treated. Purely com- 
pressional waves in a solid column would behave like the 
pressure-release case for a fluid. As limiting examples, the 
lateral dimensions of cylinder or prism are allowed to 
grow indefinitely, to produce an unbounded medium. The 
cylindrical limit (circular piston and receiver) has been 
treated in other fashions by several authors; the present 
calculations agree very well. 

A. O. Williams, Jr. (Providence, R.I1.) 


10561 : 

Sestopalov, V. P.; Slyusarskii, V. A.; Andrenko, 8. D.; 
Cernyakov, E. I. Electromagnetic waves in a spiral 
waveguide with an ani ic dielectric. Z. Tehn. Fiz. 


30 (1960), 644-652 (Russian); translated as Soviet 
Physics. Tech. Phys. 5, 606-614. 

Propagation of electromagnetic waves along a helix is 
treated. The helix is wound on the inner, or outer, surface 
of an isotropic dielectric tube, of circular section, which 
contains within it an anisotropic dielectric. No analysis is 
given, results only being presented. The dependence of the 
dispersion equation on the different of the 
system is noted. In particular, the presence of the aniso- 
tropic dielectric increases the retardation. The theory 
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appears to agree with measurements of dispersion per- 
formed on a helix wound on an anisotropic dielectric. 
The power-flow results seem to be in error. For example, 
the expression given for the power flow along the system, 
but exterior to the tube, contains a factor which increases 
exponentially with the outer radius of the tube. 
R. F. Millar (New York) 


10562: 

Sestopalov, V. P.; Slyusarskii, V. A. Investigation of a 
helix-anisotropic dielectric and helix-ribbed structure 
slow-wave systems. I. Z. Tehn. Fiz. 29 (1959), 1317- 
1329 (Russian); translated as Soviet Physics. Tech. 
Phys. 4 (1960), 1212-1222. 

The paper considers various methods of slowing down 
the phase velocity of a wave propagated along a helical 
structure. The first part of the paper is devoted to the 
evaluation uf the effects of a cylindrical layer of aniso- 
tropic material surrounding a sheath helix. The anisotropy 
of the medium may be represented in cylindrical co- 
ordinates by a diagonal dielectric tensor 2;; whose com- 
ponents are constant. The dispersion equation for the 
above structure is obtained followed by approximate 
expressions for the high frequency and low frequency 
limits. As an example, the authors included phase-velocity 
plots as a function of anisotropy for a given structure and 
for several frequencies. The distribution of power flow in 
the structure is computed and the longitudinal electric 
field is compared to that of a helix in free space for the 
same total power and equal phase velocity. 

The rest of the paper is devoted to various techniques 
of simulating the anisotropic layer assumed in the analysis. 
One such artificial medium treated consists of a circular 
waveguide with closely spaced ferrite irises while another 
involves a helix with a periodically varying pitch with 
the period small compared to a wavelength. The varying 
pitch provides the appropriate boundary condition to 
simulate the anisotropic medium outside the helix and 
causes the required reduction of the phase velocity. The 
authors’ conclusion regarding the field distribution inside 
the helix is, however, not justified since it would require 
an anisotropic medium inside the helix as well as outside. 
Another structure considered is a helix inside a circular 
waveguide periodically loaded with perfectly conducting 
irises with the period small compared to a wavelength. 
The dispersion equation is obtained followed by simplified 
expressions holding for various limit cases. Several phase 
velocity plots are given as examples to illustrate the large 
dispersion of the system and its capability for both normal 
and anomalous dispersion. 


A. Kesienski (Culver City, Calif.) 


10563 : 

Schouten, J. P. %Operatorenrechnung: Mit Anwen- 
dungen auf technische Probleme. Springer-Verlag, Berlin- 
Géttingen-Heidelberg, 1961. viii+224 pp. DM 31.50. 

Starting with the re-discovery and subsequent rigoriza- 
tion of Heaviside’s classical work in the twenties, there 
has been a plethora of books on the treatment of transients 
in linear circuits by operational methods, based on the 
Laplace transform and its inverse. If a publisher like 
Springer decides to add a work of modest format to this 
long list, need, as well as excellence and selectivity of 
presentation, must be presumed. Concerning the latter, 
this reviewer largely agrees. There is great clarity and 
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circumscription, and while, or rather because, most 
readers are likely to quarrel with particular emphases, 
the breadth of appeal will be wide. Condensed from 
lecture notes by a well known worker in the field, the 
book is aimed at electrical engineers with very modest 
formal mathematical background. Even though very 
little is assumed, a rather large terrain is covered, and 
that with a remarkable degree of self-containedness, with 
references to only a few basic works. Whether items like 
the Weierstrass polynomial theorem or Jordan’s lemma 
should be proved in such a context, is questionable, but 
it is done rigorously and elegantly. A great deal of tiring 
detail is devoted to transients in homogeneous lines and 
recurrent filter networks ; this, however, takes essentially 
the part of what in an English book would be chapter 
problems. 

After a brief intuitional discussion of the Dirac and 
Heaviside “functions” and the Laplace integral, the usual 
justification of the calculus via the latter is carried out 
and applied in a lucid way to transients in simple lumped 
circuits and homogeneous lines. Thereupon the presenta- 
tion deepens with formal discussion of uniqueness and 
inverse transforms. Introduction of the elements of 
complex-variable theory leads to transforms involving the 
more common transcendentals including cylinder, error 
and related functions, which is followed by a chapter on 
asymptotic expansions. The concluding chapters are 
devoted to detailed treatment of transients in filter and 
line networks and, briefly, to non-electrical problems. 
Printing and illustrations are excellent. 

H. G. Baerwald (Albuquerque, N.M.) 


10564 : 

Promberger, Miroslav. Anwendung von Matrizen und 
Tensoren in der theoretischen Elektrotechnik. In deut- 
scher Sprache herausgegeben von Prof. Dr. Georg Mierdel. 
Akademie-Verlag, Berlin, 1960. x+211 pp. DM 31.50. 

[Translation of Powziti matic a tensori v theoreticke 
elektrotechnice, Staatsverlag fiir Technische Literatur, 
Prague, 1955.] Starting with the algebra of matrices, the 
elementary theories of stationary electrical networks and 
rotating electrical machines are developed. The four- 
dimensional electromagnetic field equations of moving 
bodies are also given. G. Kron (Schenectady, N.Y.) 


10565 : 

Chirlian, Paul M. The physical realizability and 
realization of linear phase shift networks. Quart. Appl. 
Math. 18 (1960/61), 31-35. 

If the transfer function of a linear network can be 
represented in the form 7T(w)e—**, where k is a positive 
constant and 7'(w) can assume positive as well as negative 
values, then the network is said to be a stepped linear 
phase shift network. The author shows that a network is 
non-anticipative if and only if 7'(w) admits the representa- 
tion T(w)=Jo* H(u) cos wudu (with no restrictions on 
H(u) stated). An approximation procedure for the T'(w) 
which do not admit of this representation is developed 
and it is shown how the impulsive response can be made to 
be non-negative for all values of time. 

L. A. Zadeh (Berkeley, Calif.) 


10566: 
Das, J. a Sagat ae 
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— impedance functions. J. Sci. Engrg. Res. 3 (1959), 
89-107. 

Graphical methods are developed for determining a 
realizable driving point function Z(s) whose real part 
approximates a given function along the imaginary axis, 
Some discussion of the errors is given. 

J. Blackman (Syracuse, N.Y.) 


10567 : 

Forte, 8. S. A new synthesis procedure for two- 
terminal-pair networks using the symmetrical lattice 
structure. Proc. Inst. Elec. Engrs. C 106 (1959), no. 9, 
112-114. 

A necessary and sufficient condition is given for a set 
of driving point and transfer impedance or admittance 
functions to be realizable as a 2-terminal pair network 
consisting of a symmetrical lattice network with sine 
impedances at either end without ideal transformers. A 
synthesis procedure for such networks is presented. 

J. Blackman (Syracuse, N.Y.) 


10568 : 

Zemanian, Armen H. Non-decreasing step responses 
whose transfer functions are subclass k. Quart. Appl. 
Math. 18 (1960/61), 363-373. 

A class of rational functions (subclass k functions) 
which are generalizations of positive-real functions and 
whose impulse response A(t) is non-decreasing is investi- 
gated. Bounds on A(t) are obtained as well as the moments 
of A(t). An appendix contains a formula for bounds on the 
rise time when A(¢) is not necessarily non-decreasing. 

J. Blackman (Syracuse, N.Y.) 


10569 : 

Leon, B. J. Solution of a difference equation pertinent 
to linear, parametric electric networks. Quart. Appl. 
Math. 19 (1961), 63-68. 

The author presents and justifies an algorithm, for use 
with a digital computer, for finding a fundamental system 
of solutions of a class of linear difference equations subject 
to certain conditions. These conditions are such as to 
ensure the applicability of a theorem of Perron that there 
exists a fundamental system U; (i=1, 2, - - -, m) such that, 
for integral m, 

Uptime?) 
mo Udw+m) — 


where u; is a root of the characteristic equation. 
L. M. Milne-Thomson (Madison, Wis.) 


10570: 

Hoskins, R. F. Signal flow-graph analysis and feedback 
theory. Proc. Inst. Elec. Engrs. C 108 (1961), 12-19. 

Author’s summary: “The solution of a system of 
simultaneous linear equations may be obtained by in- 
spection of an associated system of nodes and connecting 
branches called a ‘signal flow-graph’. This provides an 
alternative to conventional algebraic methods which is of 
particular interest in the case of network analysis, since 
the flow graph can be set up directly by inspection of the 
network without having to formulate the associated 
equations. In the paper the formal theory of on 
analysis is developed and applied to certain aspects of 
feedback theory, and it is shown that the classical results 
of Bode can be obtained and generalized relatively simply 
by this approach.” 
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10571: 

Bryant, P. R. The algebra and topology of electrical 
networks. Proc. Inst. Elec. Engrs. C 108 (1961), 215-229. 

Author’s summary: “ paper gathers together the 
various results and methods used in an elementary 
algebraic and topological study of electrical networks. 
Considerations are restricted to networks containing a 
finite number of lumped resistors, capacitors and self- and 
mutual inductors. The result is a connected logical 
presentation leading, by use of the concepts of incidence, 
loop and cut-set matrices, to the corresponding nodal, 
loop and cut-set analysis methods.” 


Zemanian, A. H. Some energy relations for RC net- 
works. J. Franklin Inst. 270 (1960), 353-358. 

A relation giving the maximum energy which can be 
dissipated in a resistor shunting the terminals of a one- 
port RC network in terms of the value of the driving 
point impedance when s is zero and the behavior of the 
driving point impedance as s goes to infinity is derived. 
Another relation giving the maximum energy which can 
be dissipated in a resistor shunting the output terminals of 
a two-port RC network in terms of the corresponding 
characteristics of the driving point and transfer im- 
pedances is derived. It is shown that the network satis- 
fying the latter relation is compact and that the residues 
of the driving point and transfer impedances must be in a 


certain ratio. B. Hazeltine (Providence, R.I.) 
10573 : 
Hakimi, 8. L. with two kinds of elements. 


J. Franklin Inst. 270 (1960), 451-467. 

Author’s abstract : “Some of the fundamental properties 
of the graphs with two kinds of elements, red and black, 
are studied. An interesting property of a discrete function 
representing the number of trees with n red elements as 
n varies over the possible range is discussed. Procedures 
are given by means of which one can find trees or 2-trees 
with maximum (or minimum) number of red elements. 
These results are used to find the number of poles and 
zeros of any network function of an RC network. The 
procedure is further modified to enable one to find the 
number of poles and zeros of network functions of an 
RLC network.” 

The following simple observations are stated as theorems 
and proved. Theorem 1: The red elements of a graph G 
form a separable subgraph if and only if the number of 
red elements in every tree is the same. Theorem 2: There 
exist no cut sets consisting of only red elements if and only 
if there exists a tree consisting of only black elements. 
Theorem 3: There exist no circuits containing only red 
elements if and only if there exists a chord set which 
contains only black elements. Theorem 4: If there exists 
a tree t; with m red elements and a tree t; with n red 
elements (m>n), then there exists a tree with k red 
elements for all k satisfying n <k <m. 

By a 2-tree is meant a spanning subjorest of the given 
graph with two tree components. Analogous theorems are 
stated for 2-trees. The main result of the article is the 
following. Theorem 8: If N(r) is the number of trees in 
graph G with r red elements, then there exists no i such 
that N(i)< N(é+1) and N(t)< N(é—1). 
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This is followed by a discussion of applications of these 
combinatorial observations to electric networks as 
mentioned in the author’s abstract. He concludes by 
raising the question of studying graphs with three or 
more kinds of elements. ¥. Harary (Ann Arbor, Mich.) 


10574: 

Burge, Edward J. Definitions of resonance and exact 
conditions for resonance in some electrical circuits. II. 
Tuned couple circuits. Amer. J. Phys. 29 (1961), 251-256. 

[For part I see same J. 29 (1961), 19-23; MR 22 #7664.] 
The author clarifies the meaning of resonance in coupled 
circuits by stating definitions of resonance based on 
agreement in phase and on the maximization and mini- 
mization of various circuit quantities. He obtains exact 
conditions for resonance according to each definition and 
approximations in the case of high Q. In this case it is 
shown that all resonance points coincide for practical 
purposes with those obtained by requiring phase agree- 
ment. The statement after equation (11) that ig can never 
be in phase with Z; is not a consequence of the relations 
stated in the paper, since these do not exclude X <0. 

R. Cohn (New Brunswick, N.J.) 


10575: 

Stumpers, F. L. H. M. Balth. van der Pol’s work on 
nonlinear circuits. IRE Trans. CT-7 (1960), 366-367. 

This short tribute in memory of van der Pol is a brief 
and interesting account of his contributions to the analysis 
of nonlinear circuits. It was this work of van der Pol 
that stimulated mathematicians in the Western World to 
study nonlinear oscillations. 

J. P. LaSalle (Baltimore, Md.) 


10576: 

Cederbaum, I. Paramount matrices and synthesis of 
resistive n-ports. IRE Trans. CT-8 (1961), 28-31. 

Author’s summary: “A method of reducing the main 
diagonal elements of a paramount matrix and its inverse 
without destroying their paramount character is described. 
It is shown that in not more than 2n steps the irreducible 
remainder of a given matrix can be found. Also, the 
conditions are formulated for a paramount matrix with 
nonpositive off-diagonal elements to be the impedance 
matrix of an n-port network with the minimum number 
of independent circuits.” B. Hazeltine (Providence, R.I.) 


10577 : 

Brown, D. P.; Tokad, Y. On the synthesis of FR net- 
works. IRE Trans. CT-8 (1961), 31-39. 

This paper presents a method, based on the properties 
of terminal graphs, of realizing an R-network without ideal 
transformers. Necessary and sufficient conditions on the 
matrix for the network to have a minimum number of 
terminals are given. It is indicated how matrices not 
satisfying these conditions can be realized with networks 
having additional terminals. Properties of the coefficients 
of the matrices corresponding to certain terminal graphs 
are presented. B. Hazeltine (Providence, R.I.) 


10578 : 

Ozaki, Hiroshi; Kasami, Tadao. Several-variable posi- 
tive real functions and their icati to variable 
networks. Tech. Rep. Osaka Univ. 10 (1960), 637-658. 
1801 








10579-10585 





This paper is concerned with the properties of the driving 
point immittance function of networks containing variable 
elements. It is shown that in certain cases, transformations 
of the frequency variable lead to an immittance expression 
which may be regarded as a several-variable positive real 
rational function. 

A function, F(p1, p2, ---, Pa), is an n-variable positive 
real rational function if: (i) F(p1, pe, ---, Pn) is a rational 
real function of pi, pe, ---, Pn; and (ii) Re[F]20 in 
Re [p,J20 (¢=1, 2, ---, m). If in additicn 


(iii) F(p, Ppe,***> Pn) _ — F(—pi, —pP2,°°*, —Pn) 


then F is defined as an n-variable reactance function. 

A number of theorems concerning properties of F 
functions are derived. Procedures useful in network 
synthesis for separating realizable terms are also treated. 

R. Kahal (Washington, D.C.) 


10579: 

Nees, Georg. Zur digitalen Berechnung der trans- 
formierten Matrizen von Vierpolnetzen. Arch. Elektro- 
tech. 45 (1960), 329-342. 

In solving a general linear network on a digital com- 
puter, the number of steps may be reduced by employing 
not only branches with two points of entry, but also 
blocks having four points of entry. Detailed steps are 
included. G. Kron (Schenectady, N.Y.) 


10580 : 

Haynes, Munro K. Transient analysis of cryotron 
networks by computer simulation. Proc. IRE 49 (1961), 
245-257. 

Programs are established to solve cryotron circuits on a 
digital computer. Only the branches (1l-dimensional 
building-blocks of an electrical network) and their associ- 
ated closed-mesh and open-mesh concepts are utilized in 
the analysis. The nodes (additional 0-dimensional building- 
blocks of a graph)—and the host of electrically irrelevant 
and redundant topological concepts associated with 
nodes—are not introduced and thus the minimal nature of 
computer steps is assured. G. Kron (Schenectady, N.Y.) 


10581: 

Schaller, D. Die Berechnung von Kurzschlussstrémen 
in elektrischen Netzen, dargestellt als Matrizenoperation. 
Wiss. Z. Hochschule Elektrotechn. Ilmenau 5 (1959), 
163-173. (Russian, English and French summaries, 
unbound insert) 

The set of linear equations for the calculation of the 
currents and potentials produced by short-circuits in a 
three-phase electrical transmission system is written in 
matrix notation. By a matrix-inversion procedure, the 
author solves these equations in the cases in which the 
transmission system has an initial load. The case of no 
initial loading is also considered. The analysis is carried 
out for the cases in which there are direct short-circuits 
and also in those in which there is a faulting resistance 
between the line. L. A. Pipes (Los Angeles, Calif.) 


10582 : 
Furkert, W. Die Berechnung elektrischer Netze, 
dargestellt als Matrizenoperation. Wiss. Z. Hochschule 
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Elektrotechn. Ilmenau 5 (1959), 157-162. (Russian, 
English and French summaries, unbound insert) 

This paper analyzes a three-phase transmission system 
by formulating the linear equations of the system in matrix 
notation. It is shown how the determination of the required 
characteristics of the system to supply a given load may 
be easily effected by the use of matrix algebra. 

The effect of faults in a three-phase system due to 
short-circuits is studied. The voltages and currents 
produced by different types of short-circuits is studied by 
the introduction of the transformation matrices used in 
the “‘method of symmetrical components’’. 

L. A. Pipes (Los Angeles, Calif.) 


10583 : 

Young, L. Spin matrix exponentials and transmission 
matrices. Quart. Appl. Math. 19 (1961), 25-30. 

The exponentiated Pauli spin matrices are used to give 
a unified treatment of transmission lines and linear two- 
ports. H. W. Lewis (Madison, Wis.) 


10584: 

Stevens, K. W. H. The Hamiltonian formalism of 
damping in a tuned circuit. Proc. Phys. Soc. 77 (1961), 
515-525. 

The author shows that the method of quantization 
previously introduced by the same author [same Proc. 
72 (1958), 1027-1036; MR 21 #1144; Stevens and 
Josephson, ibid. 74 (1959), 561-575; MR 21 #4775] has a 
wider applicability. To this end, he studies an L, C circuit 
coupled to an artificial line, using a Hamiltonian formalism. 
It is shown that by a suitable change of variables the 
main part of the Hamiltonian has the form 


exp (— 2at)( P2/2C) + exp (2at)(Q2/2L), 


which displays the damping and has been used in the 
above quoted papers. The author says that the new 
operators Q and P are related to the “smoothed” charge, 
that is, the charge without the noise components. It 
seems to the reviewer that this method of quantization 
represents more fundamental reasoning. 

H. Wakita (Hiroshima) 


CLASSICAL THERMODYNAMICS, HEAT TRANSFER 
See also 10438, 10447, 10475, 10483, 10517. 


10585 : 

Turner, Louis A. of Carathéodory’s 
treatment of thermodynamics. Amer. J. Phys. 28 (1960), 
781-786. 

A formal treatment of the consequences of the second 
law of thermodynamics in the formulation of Cara- 
théodory is presented which obviates the necessity for 
introducing any mathematical theorem of the kind of 
Carathéodory’s theorem on the integrability of linear 
differential forms. The rest of the paper contains a cursory 
outline of Carathéodory’s main paper on classical thermo- 
dynamics [Math. gt 67 (1909), 355-386]. 

H. A. Buchdahl (Hobart) 












vatrix 
juired 
| may 
ue to 
rents 
ed by 
ed in 


Calif.) 


> give 
- two- 
Wis.) 


m of 
1961), 


zation 
- and 
sircuit 


* the 


n the 
> new 


ts. It 
zation 


hima) 


‘ER 


dory’s 
1960), 


second 
ty for 
ind of 


1ermo- 


‘obart) 








10586 : 

Manning, Francis S.; Manning, William P. Derivation 
of thermodynamic relations for three-dimensional systems. 
J. Chem. Phys. 33 33 (1960), 1554-1557. 

The authors consider a piece of matter whose thermo- 
dynamic equilibrium states constitute a 3-manifold, with 
extensive coordinates V (volume), S (entropy) and ¢ 
(extent of a slow chemical reaction), and whose internal 
energy is dU = TdS —pdV — Ad§. 

They try to generate all algebraic relations among first 
derivatives of interesting state functions with respect to 
one another,- using Shaw’s method of Jacobians [Philos. 
Trans. Roy. Soc. London A 234 (1935), 299-328]. 

The paper suffers from three deficiencies. First, four of 
the eight thermodynamic potentials are not considered to 
be interesting state functions. Second, the authors’ table 
of expansions of all non-trivial Jacobians in terms of a 
generating set of 14 Jacobians contains 220 items; if the 
redundant entries involving reversible work and reversible 
heat were omitted, it would contain 120 items. Third, the 
authors give only 4 of the seven algebraic relations among 
their 14 generators, so that their table cannot be used to 
disprove thermodynamic identities, and does not generate 
all true identities. G. E. Backus (La Jolla, Calif.) 


10587: 
Sicard, L.; Eyraud, L.; Elston, J.; Eyraud, Ch. In- 
fuence do ia variation du coefficient de conductivits 


thermique avec la sur la de la 
chaleur en régime périodique. J. Phys. Radium 21 
(1960), 696-698. (English summary) 


Authors’ summary: “The solution of the Fourier 
equation is not known in the case where the thermal- 
conductivity coefficient of the materials is a function of the 
temperature. An approximate solution permits us to 
calculate the error incurred in the experimental determina- 
tion of the thermal-diffusivity coefficient by the method 


of Angstrém.” 


10588 : 

Voditka, Vaclav. Two-dimensional steady temperature 
fields in a stratiform half-space. Z. Angew. Math. Phys. 
12 (1961), 164-168. (German summary) 

Given the half space x2%, —-O<y<+0, —-O< 
z< +00, filled with a material made up of n homogeneous 
slabs with thermal conductivities , in the intervals 
%-1 32S 2, 


—-O<y¥< +0, -O <2< +0, 


lsksn-l 


22 %-1, -O<y< +0, —-O <2< +O, 


the problem is to determine the steady-temperature 
distribution in the laminated solid provided the front face 
at z= is kept at temperature f(y). Using Fourier 
transforms the author finds the general solution in the 
form of an integral which cannot be evaluated in closed 
form except for certain special functions f(y). An example 
of one such special function f(y) is provided. The method 
appears to have application in interpreting the results of 
convective heat-transfer measurements using thin-film 


resistance elements in the presence of surface temperature 
W. H. Dorrance (San Diego, Calif.) 


gradients. 
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10589 : 

Adrianov, V. I. Application of the electric analogue 
method to solution of the radiative heat exchange problem. 
Voprosy teploobmena, pp. 113-122. (Russian) Izdat. 
Akad. Nauk SSSR, Moscow, 1959. 


10590: 

Nigam, 8. D.; Agrawal, H. C. A variational principle 
for convection of heat. J. Math. Mech. 9 (1960), 869-883. 

Divers principes variationnels ont été formulés pour les 
équations du transfert de chaleur [Ll]. G. Chambers, 
Quart. J. Mech. Appl. Math. 9 (1956), 234-235; MR 18, 
359; P. Rosen, J. Chem. Phys. 21 (1953), 1220-1221; 
MR 15, 188; M. A. Biot, J. Aero. Sci. 24 (1957), 857-873; 
MR 19, 791). 

Dans une premiére partie de cet article les auteurs 
étendent le résultat de Biot et réduisent & un principe 
variationnel les équations indéfinies du transfert, en 
régime transitoire, dans un fluide visqueux en mouvement, 
en tenant compte de la chaleur due 4 la dissipation. 

Dans une seconde partie une méthode variationnelle 
similaire est établie pour le transfert en régime permanent 
dans un écoulement en canal. La méthode est appliquée 
au calcul de la température dans le cas oi: le canal est 
limité par deux parois planes. La distribution de la 
température ainsi obtenue est trouvée étre en bon accord 
avec celle calculée par la méthode classique d’un 
développement en série de fonctions. 

R. Gerber (Grenoble) 


10591 : 

Arpaci, V.S8. Transient conduction in coaxial cylinders 
with relative motion and heat generation. J. Appl. 
Mech. 27 (1960), 623-628. 

This paper examines the temperature-time history in a 
thin tube sliding over a rod, within which a step increase 
of heat generation occurs. Axial heat conduction is 
assumed negligible in rod and tube. The model simulates 
conditions which may be met with in the cooling of 
nuclear-reactor fuel elements by a low Prandtl-number 
fluid (simulated by the cylinder). Appropriate heat- 
diffusion equations are written down and solved first by 
means of a finite Hankel-transform method. The author 
obtains small-time solutions from the resulting integro- 
differential equations, using approximate forms for certain 
series involved in these solutions. He then comments 
that these methods are not suitable for large-time results 
and proceeds to obtain asymptotic solutions from a 
conventional ‘‘Laplace - transform - with -respect -to-time”’ 
approach. {The reviewer comments that the small-time 
results can also be obtained from this latter approach 
and rather more easily than with the Hankel-transform 
method, despite the author’s remarks to the contrary, i.e., 
by expanding the Laplace-transform results for large values 
of the operator and retaining the operator in suitable 
algebraic groups. For example, one can show that 


: To( p¥/2) 
p® p*lo( pp?) + p21 ;(pl/2) 
l l 
~ pl+pi2)  2p/2(1 + p'/2) 
and hence obtain the author’s results in equations 31, 32, 


and equations 84 and 85 directly from equation 56.} 
J. F. Clarke (Cranfield) 





+O(p-*/*) 








10592-10597 


10592: 

Narsimhan, G. On the problem of unsteady state heat 
transfer during combustion of a fuel Proc. 4th 
Congress Theoret. Appl. Mech. 1958, pp. 207-222. Indian 
Soc. Theoret. Appl. Mech., Kharagpur. 

Author’s summary : “The process of unsteady-state heat 
transfer during the pre- and post-ignition period for an 
isolated fuel droplet has been analysed. Improvement over 
the methods of recent theoretical analyses is reflected in 
a rigorous treatment of the pre-ignition period which 
traces the temperature-distribution history for the droplet 
in a temperature field before it ignites. 

“Finally a graphical procedure is indicated for the 
solution of the problem of temperature distribution 
during the ignition period which takes due account of the 
effect of thermal radiation from the flame envelope, which 
has, till now, been a neglected factor.” 

R. Gerber (Grenoble) 


10593a : 

Goldstein, 8.; Murray, J. D. On the mathematics of 
exchange processes in fixed columns. III. The solution for 
general entry conditions, and a method of obtaining 
asymptotic expressions. Proc. Roy. Soc. London. Ser. A 
252 (1959), 334-347. 


10593b : 

Goldstein, 8.; Murray, J. D. On the mathematics of 
exchange processes in fixed columns. IV. Limiting values, 
and correction terms, for the kinetic-theory solution with 
general entry conditions. Proc. Roy. Soc. London. Ser. A 
252 (1959), 348-359. 


10593¢c : 
Goldstein, 8.; Murray, J. D. On the mathematics of 
exchange processes in fixed columns. V. The equilibrium- 
and perturbation solutions, and their connexion 
with kinetic-theory solutions, for general entry conditions. 
Proc. Roy. Soc. London. Ser. A 252 (1959), 360-375. 


This is a continuation of the elegant study of the 
problem undertaken by Goldstein [same Proc. 219 (1953), 
151-171, 171-185; MR 15, 429]. 

H. L. Frisch (Murray Hill, N.J.) 


10594 : 

Gibson, Robert E. A linear heat problem with a moving 
interface. Z. Angew. Math. Phys. 11 (1960), 198-206. 
(German summary) 

Let 8, g and h be prescribed functions of time ¢(¢20) 
such that s(0)=0 and s(t)>0 when ¢>0. The boundary- 
value problem u(x, t) = a*uz¢2(x, t), 0< 2 <as(t); u(0, t)=g(t), 
t>0; ufs(t), t]=A(t), t> 0, is first reduced to a problem of 
the same type in a new function v(z, t) except that 
v(0, t)=0. This is done by the Green function 
G(x, t)=t-1/2 exp[—2*(4a%)-1]. Then it is shown formally 
that 


ole, t) = . $(ANG(e—A, t) + O(e+A, #)] dd 


when ¢ satisfies an integral equation fo” 4(A)K(A, t)}dA= 
P(t), where P is given in terms of s, g and h and 


[28 o(-2) 


K(A, t) = sinh 
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In the two special cases s = at and s = t'/2, where « and B 
are positive constants, the integral equation can be solved 
with the aid of Laplace and Mellin transforms, respectively. 
When g and & are constants the solutions of those special 
cases are presented. The corresponding problem and 
special cases are treated similarly for the domain z > a(t). 
Here an initial condition u(x, 0)=f(x), x>0, and a 
boundary condition u,(0o, t)=0 are present. 

R. V. Churchill (Ann Arbor, Mich.) 


10595 : 

Haskind, M. D. Thermal waves in the ground under 
insulation of coolers. Prikl. Mat. Meh. 24 (1960), 262- 
270 (Russian); translated as J. Appl. Math. Mech. 24, 
377-389. 

Two-dimensional unsteady heat diffusion equations and 
boundary conditions are set up to describe the temperature 
distribution in the ground under a cooler. The ground is 
assumed to be of finite depth, with an underlying stratum 
of underground water, whose temperature variations are 
assumed to be known as are those of the air above the 
ground. The cooler is separated from the ground by a 
layer of insulation. Assuming harmonic temperature-time 
variations solutions are obtained in terms of Mathieu 
functions, for the case where edge effects in the insulation 
are negligible. 

For large insulation widths, an approximation to edge 
effects can be evaluated via integral equations which can 
be solved by the Wiener-Hopf technique. 

Some simplified solutions are obtained for large insula- 
tion width (approximately one-dimensional unsteady heat 
conduction) and the paper concludes with some remarks on 
random temperature variations. J. F. Clarke (Cranfield) 


10596 : 
Sayasov, Y. u. 8. ay Yu. 8.}. Diffusionstheorie 
der unter aktiver Zentren 


verlaufenden Setiennmebdionsh. Ann. Physik (7) 6 (1960), 
1-14, 

The parabolic equations, with appropriate boundary 
conditions, governing the mass balance of chemical 
species undergoing a diffusion controlled chain reaction 
involving several active intermediates are formulated. 
The spectrum of eigenvalues of the associated boundary 
value problem is discussed. Explicit solutions of these 
equations are obtained for the case of reaction in a 
cylindrical vessel involving two intermediates and neces- 
sary and sufficient inequalities on the transport and 
kinetic coefficients are stated in order that the Bodenstein- 
Semenov quasi-stationary state theory applies. Application 
of these results to the oxidation of hydrogen by a chain 
mechanism shows that under certain conditions the 
assumption of attainment of a quasi-stationary state is 
not justified. H. L. Frisch (Murray Hill, N.J.) 
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See also 10276, 10387, 10388, 10402, 
10518, 10519, 10536, 10584. 


10597 : 
Wichmann, Eyvind; Woo, Ching-Hung. Integral repre- 
sentation for the nonrelativistic Coulomb Green’s function. 


J. Mathematical Phys. 2 (1961), 178-180. 
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Authors’ summary: “Although the radial Green’s 
function for the Schrédinger equation in a Coulomb field 
can be obtained in the usual way in terms of the two 
linearly independent solutions to the radial equation for 
a particular angular-momentum state, the sum over 

-momentum states does not seem to have been 
carried out. In this note this sum is carried out and a 
‘closed form’ obtained in the form of a double integral. 
The result is believed to be useful for perturbation 
calculations where the ‘intermediate states’ involve many 
angular-momentum states.” H. Wakita (Hiroshima) 


10598 : 

Botvar, D. A.; Stankevit, I. V.; Cistyakov, A.L. Local- 
ization entropy and extent in a quantum-mechanical 
system. Dokl. Akad. Nauk SSSR 135 (1960), 1095-1096 
(Russian); translated as Soviet Physics. Dokl. 5 (1961), 
1271-1272. 


10599 : 

PataSinskii, A. Z. Symmetry of the solutions obtained 
in determining the singularities of Feynman diagrams by 
Landau’s method. Z. Eksper. Teoret. Fiz. 39 (1960), 
1744-1746 (Russian. English summary); translated as 
Soviet Physics JETP 12 (1961), 1217-1218. 

Author’s summary: “It is proved that for some dia- 
grams the solutions obtained by Landau’s method for 


determining the position of the singularities are sym- 
metric.” 


10600 : 

Sudarshan, E. C. G.; Mathews, P. M.; Rau, Jayaseetha. 
Stochastic dynamics of quantum-mechanical systems. 
Phys. Rev. (2) 121 (1961), 920-924. 

The authors consider physical states as defined by 
density matrices prs, and propose to replace the usual 
dynamical law 

Pra(t) = Urm(t, to)pmn(to)Uen*(t, to), 
by the more general law 


pra(t) = Ars,mn(t, to)pmn(to)- 
A number of theorems are derived. The theory is illu- 
strated by a phenomenological treatment of paramagnetic 
relaxation. 

{In fact, such a generalization of quantum dynamics 
would go far beyond the authors’ aim. In particular, a 
pure state defined by p*=p would not remain pure. 
Indeed, if we impose the additional requirement that a 
pure state remains pure, we obtain 

Ars, mnpmnAsk,paPpe = Ask, maPma 
= Ark, mePmn5npPre- 
Since this must hold for any p, it follows that 


Ars, mnAsk, pa = Are, maSnp 


which readily leads to eq. (22) of the text. Theorem 2 
then asserts that the dynamics is Hamiltonian.} 
A. Peres (Haifa) 


10601: 
Bruins, E. M. 
Physica 25 (1959), 905-908. 


in quantum mechanics. 
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10598-10604 


The author comments on a paper on quantum mechanics 
by O. Beaufays in Acad. Roy. Belg. Bull. Cl. Sci. (5) 44 
(1958), 555-576 [MR 21 #3879] and observes that the 
methods of the classical theory of line complexes would 
permit a very simple way of arriving at these results. The 
author had shown earlier [Nederl. Akad. Wetensch. Proc. 
52 (1949), 1135-1143; MR 11, 543] that the classification 
of quantum mechanical problems corresponds to the 
algebraic theory of line complexes in 3-space. In the 
present case, the theory of Kummer’s configuration of 
16 points and 16 planes is applicable. {As far as this 
reviewer knows, the latest textbook on line complexes is 
that by E. A. Weiss, Hinfahrung in die Liniengeometrie und 
Kinematik, Teubner, Leipzig, 1935.} 

W. Magnus (New York) 


10602 : 

Jankovié, Z. Remarks on the paper by K. Stiegler: 
“On the mechanical foundation of the theory of special 
relativity”. Nuovo Cimento (10) 16 (1960), 569. 


10603 : 

Stiegler, K. Antwort auf die Bemerkungen von Z. 
Jankovié zu meiner Abhandlung: “On the mechanical 
foundation of the theory of special relativity”. Nuovo 
Cimento (10) 16 (1960), 579-581. 

The paper in question is Nuovo Cimento (10) 13 (1959), 
873-879 [MR 21 #7048]. 


10604: 

Blankenbecler, R.; Nambu, Y. Anomalous thresholds in 
dispersion theory. I. Nuovo Cimento (10) 18 (1960), 
595-607. (Italian summary) 

The authors investigate the form factor of a composite 
particle from several points of view. First, they consider a 
non-relativistic Schrédinger problem with a potential 
given by a superposition of Yukawa potentials. If an 
S-state wave function in momentum space for this 
problem is denoted by ¢(p-*), the authors define the 
form factor as 


F(s) = | a pp((G-7) 9G), 2 = —492. 


This form factor is shown to obey a dispersion relation 
of the usual form 
F(s) = 1 ds’ Im F(s ) 


7 J16a* 8’ —8—te 


a? = M x Binding energy. 


The imaginary part of F can be expressed in terms of the 

wave function ¢. In particular, the authors find for zero 
range of the potential the simple result 

const 
/8 

Next, the authors consider the same problem in first- 


order perturbation theory and define a similar form factor 
with the aid of the well-known vertex function 


F(s, A?) = 





Im F(s) = 0(s — 16a). 


. da dBy 3(a—B—y) 
a I AX —a) + M*a— Ma?a(1 — a) —sB(1—a) 











10605-10609 





Here, M, is the mass of the composite particle (the 
deutron), M is the mass of its constituents while A is the 
mass of the intermediate particle responsible for the 
interaction. For the “anomalous region” 8<s<4M?, 
89 =4M4?—(Ma?+A2—M?)/A2, the authors find after 
explicit computation that the imaginary part of this form 
factor is given by 


const 
V (8(4Ma? —8)) 


Clearly, this result is equivalent to the earlier one in the 
non-relativistic limit s<4M@?. 

Finally, the authors consider the same problems from 
the dispersion-theory point of view and now define their 
form factor from 


eF(s) = (4dodo)*/2<dd~| j+(0)|0 > 


Im F(s, A?) = 





= ix/(2do) J dere!d (A|[Ja(z), j*(0)]0(z0)|0>. 


Taking the imaginary part of this expression one gets 
eIm F(s) = 2/(2do) 
x ¥ <d|Ja(O)|t><t]j+(0)|0 >8(d +d —-2). 
t 


In principle, this formula is exact. To get expressions 
which can be explicitly handled the authors replace the 
sum over the complete set of states ¢ by just nucleon 
antinucleon states. The matrix from the vacuum to this 
pair state of the “photon” current operator is interpreted 
with the aid of the nucleon form factor which is supposed 
to be a known function and to be analytic in the cut 
plane. The remaining factor is related to the amplitude 
for the process N+N-+d+d and computed with a 
technique based on the Born approximation. In this way 
the authors find identically the same results here as they 
previously found in perturbation theory. 

G. Kdllén (Lund) 


10605 : 

Goldberger, M. L.; Grisaru, M. T.; MacDowell, 8. W.; 
Wong, D. Y. Theory of low-energy nucleon-nucleon 
seattering. Phys. Rev. (2) 120 (1960), 2250-2276. 

Authors’ summary: “The two-nucleon problem is 
discussed from the standpoint of the double dispersion 
relations. The analytic structure of partial wave ampli- 
tudes is completely analyzed. This is greatly facilitated by 
the use of the Jacob-Wick helicity amplitudes. The 
program of generating a set of dynamical equations by 
use of the unitary condition is carried out. In the present 
approximation only one- and two-pion exchanges are 
considered ; the resulting system of equations should be 
adequate for energies below about 170 Mev. The problem 
of computing the deuteron parameters is discussed. The 
general structure of the more detailed complicated 
nucleon-antinucleon system is briefly treated.” 

J. M. Jauch (Geneva) 


10606 : 

Roy, P.K. K-meson-nucleon scattering and relativistic 
i ion relations. Nuclear Phys. 20 (1960), 417-439. 
This paper addresses itself to the question whether a 


decision can be made between scalar and pseudoscalar K 
1406 
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mesons by comparing the K-meson-nucleon scattering 
data with the theory, independently of the strength of the 
interaction. The investigation proceeds by examining the 
non-forward dispersion relations for K-nucleon and 
K-nucleon scattering ; attention is centered at low energies 
and the spectrum is truncated at one-nucleon one-meson 
states. 

From the dispersion relations integral representations 
for the scattering amplitudes for definite J, J, states are 
developed which strongly resemble the ones obtained 
from the Chew-Low equations for pion-nucleon scattering. 
An “effective range” treatment of these equations leads 
to the conclusion that the general features of K-meson- 
nucleon scattering qualitatively fits the equations for 
pseudoscalar K-mesons but not for scalar ones. The 
author infers from this that the K-meson is a pseudo- 
scalar particle. K. Haller (New York) 


10607 : 

Gerjuoy, E.; Krall, Nicholas A. ion relations in 
atomic scattering problems. Phys. Rev. (2) 119 (1960), 
705-711. 


Authors’ summary: “Dispersion relations appropriate 
to the scattering of electrons by hydrogen atoms are 
deduced, and applied to actual measurements in the 
0-10 ev energy range. Two such experiments exist, 
yielding quite different results. Dispersion relations indi- 
cate that only certain angular distributions at low energy 
are consistent with these low-energy total cross-section 
measurements ; this suggests experiments which could be 
used as checks on the accuracy of the existing measure- 
ments.” A. Klein (Philadelphia, Pa.) 


10608 : 

Nussenzveig, H. M. Causality and dispersion relations 
for fixed momentum transfer. Physica 26 (1960), 209-229. 

Some analytic properties of the amplitude for the 
scattering of a classical scalar field by an arbitrary 
spherically symmetric scatterer of finite radius are 
derived. With the assumption of causal propagation of 
signals and with restrictions on the low-frequency and 
high angular-momentum limits of phase shifts, it is shown 
that the dispersion relation in the energy variable for 
fixed momentum transfer follows. If the causality restric- 
tion is replaced by a conservation-of-particles condition 
(N. G. van Kampen, Phys. Rev. (2) 91 (1953), 1267-1276; 
MR 15, 588] applicable to scattering of sdi 
particles, only partial results are achieved. The scattering 
by a totally reflecting sphere is treated as an example 
satisfying the assumptions made in this paper but lying 
outside the restrictions of various recent investigations of 
analytic properties in potential scattering. 

A. Klein (Philadelphia, Pa.) 


10609 : 

Power, E. A.; Saavedra, I. Scattering by a bounded 
non-linear singularity. Proc. Cambridge Philos. Soc. 57 
(1961), 121-130. 

A simple non-linear, bounded potential is added to 
square well, and the Schrédinger equation is: solved 
exactly. The R-matrix is calculated explicitly, and has 
poles off the real axis. The problem is equivalent to that 
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of potential scattering, with a velocity-dependent, non- 
local, potential. Despite the authors’ claims that the 
theory is causal, it is easily seen to be acausal, which 
explains the peculiar analytic behaviour of the R-matrix. 

H. W. Lewis (Madison, Wis.) 


10610: 

De Witt, C.; Omnés, R. (Editors). %Relations de 
dispersion et i élémentaires. Université de 
Grenoble. Ecole d’été de physique théorique, Les 
Houches, 1960. Hermann, Paris; John Wiley & Sons 
Inc., New York; 1960. 671 pp. $20.00. 

A set of eight articles all of which will be reviewed 


separately. 


10611: 

Takahashi, Y. Invariance and the S-matrix. II. 
Nuclear Phys. 20 (1960), 621-629. 

[For part I see S. Kamefuchi and Y. Takahashi, Nuclear 
Phys. 17 (1960), 686-694; MR 22 #11850.] An interaction 
which is not invariant under a certain transformation 
will give rise to a scattering matrix which is not invariant 
either. In this paper it is shown how under certain circum- 
stances a non-invariant S-matrix can still give rise to 
selection rules with respect to the eigenvalues of a trans- 
formation operator and how these selection rules can be 
found. J. M. Jauch (Geneva) 


10612: 

Faddeev, L. D. Scattering for a three-particle 
system. Z. Eksper. Teoret. Fiz. 39 (1960), 1459-1467 
(Russian. English summary); translated as Soviet 
Physics. JETP 12 (1961), 1014-1019. 

A set of the coupled integral equations is derived for the 
wave function of the three-particle system. In contrast 
to the Lippman-Schwinger equations this set has a 
unique solution even when the bound states of pairs of 
particles are possible. I. Bialynicki-Birula (Warsaw) 


10613: 

Eden, Richard J. Proof of the Mandelstam representa- 
tion for every order in perturbation theory. Phys. Rev. 
(2) 121 (1961), 1567-1576. 

The purpose of this paper is to give a proof for each 
order in perturbation theory of the dispersion relation 
conjectured some years by S. Mandelstam [same Rev. 
(2) 112 (1958), 1344-1360 ; MR 20 #5057]. The Mandelstam 
relation involves a dispersion integral in two variables 
simultaneously, and a proof of this relation essentially 
means that one has to establish certain analyticity 
properties of the scattering amplitude considered as a 
function of two complex variables. The essential idea in 
the author’s proof is first to consider the scattering 
amplitude as an analytic function in each one of the 
variables separately and then to use techniques from the 
theory of analytic functions of several complex variables 
(analytic completion) to extend the analyticity properties 
to a sufficiently large domain in both variables. He uses 
nth order perturbation theory expressions and explicit 
algebraic methods to localize the singularities in the 
initial steps of the argument. It is not very easy to follow 
all details here. In particular, certain cases of what is 
called ‘‘accidental degeneracy”’ in the set of equations that 
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10610-10616 


determine the singularities appear to need a more detailed 
discussion than what is given in the paper. Another point 
which should perhaps be remembered in this connection 
is that the author limits himself to a consideration of each 
term in a formal perturbation theory expansion. It is 
possible to give examples of functions F(a, z) depending 
on a real parameter o and a complex variable z and such 
that each term f,(z) in a formal expansion F(a, z)= 
> «*f,(z) is analytic, e.g., in the upper half-plane while 
F(a, z) itself does not have these regularity properties. As 
an example, consider the case fo(z) =log(1—z®)/z; fx(z)= 
—(1—z*)-*(nz)~ for n#0. This series converges for a 
given a and |z| sufficiently large. The sum is given by 
F(a, z)=log(1—a—z*)/z. This function has singularities 
in the upper half-plane for a>1 but each coefficient f,(z) 
is analytic for Im(z)>0. Consequently, f,(z) fulfills a 
dispersion relation of the type 


Re(fa(z)) = (im)-2 | Im (fa(t))(¢—2)p? dt 


for all values of n while F(a, z) does not for «a> 1. However, 
problems of this kind lie outside the scope of the in- 
vestigation of the present paper. G. Kallén (Lund) 


10614: 

Mittleman, Marvin H.; Watson, Kenneth M. Effects 
of the Pauli principle on the scattering of high 
electrons by atoms. Ann. Physics 10 (1960), 268-279. 

The consequences of the Pauli principle for high-energy 
scattering of electrons off neutral atoms are estimated. The 
target is described by the Hartree-Fock wave function, 
but the Thomas-Fermi approximation is also used when 
permissible. It is concluded that the exchange corrections 
do not exceed the second term in the Born series. 

K. Gottfried (Cambridge, Mass.) 


10615: 

Peterson, V. K. On the calculation of scattering phase 
shifts. Z. Eksper. Teoret. Fiz. 38 (1960), 1525-1527 
(Russian. English summary); translated as Soviet 
Physics. JETP 11, 1100-1101. 

The author proposes a method for the calculation of 
the phase shifts for the scattering of particles in a central 
field. The phase shift is expanded in powers of a parameter 
which depends on the potential. The coefficients of the 
expansion are rather complicated integrals which tend to 
decrease with the energy. The method is therefore more 
effective at high energies and practically useless at low 


energies. T. Regge (Turin) 


10616: 

Gryzinski, Michal. Classical theory of electronic and 
ionic inelastic collisions. Phys. Rev. (2) 115 (1959), 374- 
383. 

The inelastic scattering of electrons from atoms is dis- 
cussed classically, with due attention to the role of the 
relative velocity between scattered and atomic electrons. 
Thus, resonance maxima are obtained when the incident 
particle has nearly the velocity of an atomic electron. 
The Ramsauer minima are, of course, not found by this 
classical treatment. Nonetheless, the author concludes 
that quantum mechanics is unnecessary for the treatment 
of atomic collisions. H. W. Lewis (Madison, Wis.) 
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10617: 

Favella, L.; Predazzi, E. On the Coulomb scattering by 
a spherical charge distribution. Nuovo Cimento (10) 18 
(1960), 570-579. (Italian summary) 

Authors’ summary: “An analytic expression for the 
total scattering amplitude of charged particles by a static 
charge distribution with spherical symmetry has been 
derived. The corresponding potential is supposed to be an 
arbitrary superposition of Laguerre functions. The evalua- 
tion has been performed using the Coulomb point-charge 
waves as an approximation of first order and then iterating 
one time for taking into account the charge extension.” 

T. Regge (Turin) 


10618: 

Yamamoto, Kunio. Macroscopic causality and analyti- 
city of scattering amplitude in quantum field theory. 
Progr. Theoret. Phys. 23 (1960), 859-870. 

The author attempts to use the macroscopic causality 
condition ‘‘no output before input’’ to derive analyticity 
in energy of an elastic-scattering amplitude in any Lorentz 
invariant field theory. He uses colliding wave packets and 
determines their development in time by a stationary 
phase method applied to the amplitude for the process. 
Application of macroscopic causality to this development 
gives rise to the required analyticity. In the reviewer’s 
opinion a difficulty in this approach is that there will be 
small contributions to the scattering from time develop- 
ments of the wave packets which do not satisfy the 
stationary phase condition. These contributions may be 
very small for physical energies, but may contribute 
singularities when the energy becomes complex. 

John G. Taylor (Paris) 


10619: 

Bosco, B. Dispersion relations for scattering wave 
functions in potential theory. Nuovo Cimento (10) 17 
(1960), 558-579. (Italian summary) 

The first part of the paper contains a derivation of 
analytic properties of the S-wave amplitude for potential 
scattering. These properties are then converted into 
dispersion formulas which have the form of a singular 
integral equation. Since this equation can be written 
from the sole knowledge of the S-matrix it can be con- 
veniently used in order to determine the wave function 
from the phase shifts for all energies. 7'. Regge (Turin) 


10620: 

Frautschi, 8. C.; Walecka, J. D. Pion-nucleon scatter- 
ing in the Mandelstam representation. Phys. Rev. (2) 
120 (1960), 1486-1505. 

The analytic properties of partial wave amplitudes as 
derived from Mandelstam’s representation for scattering 
amplitudes is used as the starting point for constructing a 
covariant phenomenology for the pion-nucleon interaction 
at low energies. The theory so constructed reproduces all 
the desirable features of the static model with crossing 
and has even more “moral justification” within the frame- 
work of a relativistic field theory. The 7'=3/2, J=3/2 
state is studied in greatest detail. The authors state: 
“Using the ‘single nucleon term’ and the low-energy 
scattering properties of the ‘crossed states’, we obtain a 
resonance in the J = 3/2, J’ =3/2 pion-nucleon state with- 
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out the aid of a cutoff. We have also investigated the 
scattering in the 7'=1/2 state. The pion-pion resonance 
appears to have only a very small effect in the T =3/2 
state whereas in the 7'= 1/2 state it increases the phase 
shift by a factor of 2.’ The resonance obtained in the 
T =3/2 state occurs at too low an energy. There are 
several factors which may account for this: “We have 
not been able to include fully the contributions from 
crossed states, and we have not systematically included 
inelastic scattering.’”’ The paper incidentally provides a 
good illustration of the techniques of computation that 
have been recently developed in this covariant approach 
to strong interaction phenomenology. 

E.C. G. Sudarshan (Rochester, N.Y.) 


10621: 

Federbush, P. A two-dimensional relativistic field 
theory. Phys. Rev. (2) 121 (1961), 1247-1249. 

Author’s summary: “A particular two-dimensional 
relativistic field theory is considered. In some limit as the 
masses of the theory go to zero it approaches the Thirring 
model. By means of a formal transformation of the field 
operators the Hamiltonian is reduced to that of a free 
field. An improved perturbation expansion can be written 
down, necessitating only wave-function renormalization, 
and it appears that the renormalized theory is consistent. 
The S-matrix can be exhibited exactly, and though it 
leads to no physical scattering, it is not equivalent to the 
unit matrix. Finally the renormalized current operator is 
displayed as a suitable limit of products of the re- 
normalized field operators. The form of the result clearly 
separates the consistency problem in quantum electro- 
dynamics from that of the photon mass.” 

C. W. Kilmister (London) 


10622: 

Heber, Gerhard. Uber ¢-Zahl-Vertauschungsregeln in 
einer einfachen Feldtheorie. Wiss. Z. Friedrich-Schiller- 
Univ. Jena 9 (1959/60), 455-457. 

Author’s abstract: “If one allows the commutator 
A(y, y’)=D(y)®(y’)—O(y’)®(y) of a free Bose-field O(y) 
with the field-equation (}®=0 to be a g-number (i.e., an 
operator), we have some freedom to choose A(y, y’) with- 
out loosing the important physical properties of the field. 
But the vacuum-expectation-value <A)» of A is always 
(if one makes some more or less plausible assumptions), 
apart from a constant number, identical with the well- 
known value of conventional theory: <A }>o~iD(y—y’). 
Therefore, the important propagation-function Dy also 
has, apart from a factor, the well-known structure. So we 
must conclude that the generalization of A to be a 
g-number not only does not modify the physical meaning 
of the isolated -field, but also does not modify essentially 
the interacting ®-field.”. F'. Rohrlich (Iowa City, Iowa) 


10623 : 

Okubo, 8. Green’s function in some covariant soluble 
problems. Nuovo Cimento (10) 19 (1961), 574-585. 
(Italian summary) 

Using operator manipulations the author gives exact 
solutions to some relativistic field-theory models. The 
Green’s functions differ from those of the free field, give 
no scattering, and exhibit peculiarities such as exponential 
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increase or ghost-like behavior near the light cone. These 
solutions are interesting ; however, they should be studied 
with caution because they are obtained by manipulating 
such ill-defined quantities as Ar(0). The author’s statement 
that these examples “contradict” Haag’s theorem is 
misleading since he points out in the text that the examples 
do not satisfy the assumptions of this theorem. 


O. W. Greenberg (Cambridge, Mass.) 


10624: 

Borchers, H. J. Wher die Vollstandigkeit lorentz- 
invarianter Felder in einer zeitartigen Réhre. Nuovo 
Cimento (10) 19 (1961), 787-793. (English and Italian 
summaries) 

The author, extending the “edge of the wedge theorem’”’ 
of H. J. Bremermann et al., shows that a complete field 
is already complete in a time-like tube on the basis of 
Lorentz invariance and spectrum condition and concludes 
that one cannot deduce Das Zeitschichtaxiom, that is, 
“a complete field should be complete already in time 
interval |x®| <e”’, alone from linear properties of operator 
products. N. Kumasawa (Tokyo) 


10625: 

Sunakawa, Sigenobu; Imamura, Tsutomu; Utiyama, 
Ryoyu. On the longitudinal and scalar photons. Annual 
Rep. Sci. Works Fac. Sci. Osaka Univ. 6 (1958), 1-11. 

It is well known that there does not exist any state 
vector with a finite norm which satisfies the Lorentz con- 
dition in quantum electrodynamics. To overcome this 
difficulty Gupta [Proc. Phys. Soc. Sect. A 63 (1950), 
681-691; MR 12, 67] developed a new formalism which 
makes use of the quantization with an indefinite metric. 
It is shown in this paper that Gupta’s formalism is not 
invariant under Lorentz transformations. 

F.C. Auluck (Delhi) 


10626 : 

Epstein, H. Generalization of the “edge-of-the-wedge” 
theorem. J. Mathematical Phys. 1 (1960), 524-531. 

The “edge of the wedge” theorem discovered by 
Bremermann, Oehme and Taylor [Phys. Rev. (2) 109 
(1958), 2178-2190; MR 20 #3722] is useful in extending 
the domain of analyticity of Wightman functions and 
Green’s functions in quantum field theory. The theorem, 
that two analytic functions of several complex variables 
having the same boundary values when the imaginary 
parts of the variables tend to zero inside two cones C;, C2 
with C,; \ (—C2) a non-empty cone, is extended here to 
the case that C; and C2 are arbitrary cones. This extension 
is first proved by explicit continuation when the common 
boundary value is a continuous function. The case of a 
distribution boundary value is then discussed by means of 
regularization, using results in the theory of topological 
vector spaces. John G. Taylor (Baltimore, Md.) 


10627: 
Theis, W. R. Relations for the electromagnetic self- 
masses of particles. Nuclear Phys. 21 (1960), 170-176. 
The small mass differences between particles belonging 
to the same charge multiplet can be explained as differences 
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10624-10629 


between the electromagnetic self-masses of the particles. 
Various calculations (quoted in the reference of this 
paper) have been carried out for nucleons, pions and 
K-mesons, at the lowest order in the electromagnetic 
coupling constant e?. In these calculations the non- 
electromagnetic interactions play an essential role, since 
they give rise to charge and magnetic moment distribu- 
tions of the particles. The results obtained are in agreement 
with experiment for K- and 7-mesons, in disagreement for 
the nucleons. 

In this paper a rigorous deduction of the defining 
equations for the electromagnetic self-masses is carried 
out at the lowest order in e?, by taking into account all 
the possible non-electromagnetic effects. It is found that 
the equation for the self-masses of the various particles 
are uncoupled and can be solved separately. One finds 
again the formulae which had been used in the existing 
numerical calculations, where they had been deduced in 
a less general way. E. Ferrari (Geneva) 


10628 : 
Jost, Res. Die Normalform einer komplexen Lorentz- 
transformation. Helv. Phys. Acta 33 (1960), 773-782. 
Two complex Lorentz transformations A and B are 
called “equivalent” if there exist two real Lorentz 
transformations A; and Ag both in the forward light cone 
and such that A=A;BA¢. The author puts himself the 
problem to characterize these equivalent classes with the 
aid of a normal form of transformations. To obtain this 
result the author first considers ‘‘purely imaginary Lorentz 
transformations’ which are such that the inverse of the 
transformation matrix is equal to the complex-conjugate 
matrix (i.e., the transpose of the Hermitian-conjugate 
matrix). From a complex Lorentz transformation A one 
can define an imaginary Lorentz transformation through 
the relation M=(A’)-!A. (A’ is the matrix complex- 
conjugate to A.) In this way the problem of finding a 
normal form for A can be reduced to the problem of 
finding a normal form for M. This last problem is solved 
by explicit construction and for an arbitrary number of 
dimensions. The imaginary Lorentz transformations are 
classified according to the reality properties of their eigen- 
values. This investigation is of interest in connection with 
a recent paper by D. Hall and A. Wightman [Mat. Fys. 
Medd. Danske Vid. Selsk. 31 (1957), no. 5; MR 19, 1134]. 
G. Kallén (Lund) 


10629: 

Mitter, H. Zur Zwei in nichtlinearen 
Spinortheorien. Z. Naturforschg. 15a (1960), 753-758. 
(English summary) 

The author investigates the two-point function for a 
spinor field interacting with itself through a non-linear 
term in the following way: 


y BE) 5 yey able Beadyayeb(e)] 
+0 peNdlerria)] = 0, 
Fle) = <O|TWMaWy))|0>, = = 2-y. 


This problem is of interest in connection with some recent 
attempts of Heisenberg and collaborators to construct a 
theory of elementary particles. As the equation of motion 
above is invariant under the Touschek transformation 
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p—>el“rn it follows that the two-point function F can be 
expressed in terms of only one spectral weight 


F(a) = [” ply = Ade, &) ae. 
Jo 2 
The author puts himself the problem to compute the 
weight p with the aid of the Tamm-Dancoff approximation. 
After some formal manipulations involving the neglect of 
several terms he finds the amazingly simple result 


F(z) = —, d= 24(1441'4) + 16027'2, 


at 2 


The reliability of this result is very difficult to judge. 
G. Kallén (Lund) 


10630 : 

Bertocchi, L.; Ceolin, C.; Tonin, M. Analytic properties 
of bound states in potential theory. Nuovo Cimento (10) 
18 (1960), 770-782. (Italian summary) 

The authors investigate anomalous thresholds of the 
dispersion relations from the potential-theoretical stand- 
point. Using the iteration expansion they form the radial 
wave function of the deuteron (two spinless particles 
interacting through a potential V(r) =f,,,° g'(u)r—! e-" dy), 
whose Fourier transform is compared with the vertex 
function in the relativistic perturbation theory after 
R. Karplus, C. M. Sommerfield, and E. H. Wichmann 
[Phys. Rev. (2) 111 (1958), 1187-1196; MR 20 #2996], 
and they find that the pole and the first branch point of 
the former coincide with those of the lowest order approxi- 
mation of the latter and further the former allows branches 
corresponding to all order approximations of the latter. 
The same also holds for the electromagnetic form factor. 

N. Kumasawa (Tokyo) 


10631: 

Soln, J. A one-dimensional soluble model of quantum 
field with external field. Nuovo Cimento (10) 18 
(1960), 914-927. (Italian summary) 

The one-dimensional model of the zero-mass quantized 
Dirac field y, in a given time-dependent external (electro- 
magnetic) field A, is solved exactly. The solution of the 
field equation for %, turns out to be the corresponding 
incoming field ~, multiplied by a simple functional of the 
given external field A,. The S operator is brought into 
the ordered form which makes the investigation of all 
the process possible. In particular, the probability ampli- 
tude for any process is found to be analytic in the coupling 
constant. H. Araki (Kyoto) 


10632: 

Garibyan, G. M. Phenomenological quantum electro- 
dynamics in the case of two media. Z. Eksper. Teoret. 
Fiz. 39 (1960), 1630-1636 (Russian. English summary) ; 
translated as Soviet Physics. JETP 12 (1961), 1138-1142. 

Author’s summary: “A macroscopic quantum electro- 
dynamics of transition phenomena is constructed. The 
probabilities for the following first order processes are 
computed: transition and Cerenkov radiation, electron- 
positron pair conversion of photon incident on boundary 
of the medium.” 
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10633 : 
Landshoff, P. V.; Treiman, 8. B. Analytic properties of 
production amplitudes. Nuovo Cimento (10) 19 (1961), 


1249-1256. (Italian summary) 

It is shown in lowest-order perturbation theory that 
the scattering amplitude for production processes has 
complex singularities when regarded as a function of 
one of the invariants while the others are fixed at physical 
values. For pion production in pion-nucleon scattering 
these singularities can be close to the pion-pion pole. 

J.C. Polkinghorne (Cambridge, England) 


10634: 

Vosko, S. H. Approximate solutions of the Bethe- 
Salpeter equation. J. Mathematical Phys. 1 (1960), 
505-515. 

Author’s summary: “A modified representation of the 
Bethe-Salpeter wave function for scalar particles inter- 
acting via a massless scalar field is presented and related 
to Salpeter’s approximate wave function. A procedure for 
obtaining approximate solutions of the Bethe-Salpeter 
equation for arbitrary interactions is introduced. The 
method is based on a variational principle and is capable 
of high accuracy when used with the trial functions 
developed here. The choice of trial function is suggested 
by the important features of the exact solutions for the 
special case described above. The method is applied to a 
finite-range potential which corresponds to the lowest- 
order approximation to a simple field theory. The results 
of the calculation suggest that the effect of retardation is 
large when an interaction is transmitted by a field with 

A. Klein (Philadelphia, Pa.) 


10635 : 

Stepanov, B. M. The structure of nonrelativistic 
counter-terms. Dokl. Akad. Nauk SSSR 133 (1960), 
547-549 (Russian); translated as Soviet Physics. Dokl. 5 
(1961), 709-712. 

In a previous paper [same Dokl. 108 (1956), 1045-1047; 
MR 18, 443] the author described the general form of the 
counter terms which arise when a non-relativistic regular- 
ization method is applied to a trilinear interaction in 
perturbation theory. In the present note the explicit form 
of the counter terms is worked out, by separating the 
appropriate contributions from primitively divergent 
diagrams. (The theory considered is neutral pseudo-scalar 
meson theory with pseudo-scalar coupling.) The discussion 
of Bogoliubov’s R operation for this method of regular- 
ization is left for later papers. 

A. 8. Wightman (Princeton, N.J.) 


10636 : 

Caianiello, E. R. Questioni riguardanti i fondamenti 
della teoria dei campi. Nuovo Cimento (10) 16 (1960), 
supplemento, 61-66. 

This article reports the content of a talk given by the 
author at the 45th Congress of the Italian Physical 
Society, held in Pavia from the lst to the 7th of October 
1959. In this talk the author presented the essential features 
of a theory developed since 1953. The results obtained so 
far have been reported in a series of articles, which are 
quoted at the end of this paper. More than of a new 
theory, one should speak of a quite new approach to the 
description of physical processes in terms of a local field 
theory, with particular attention to the problem of the 
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well-known divergences which occur in the present 
calculations of physical processes. Even though these 
divergences can be removed by a renormalisation pro- 
cedure, it still remains unexplained whether their occurr- 
ence is intrinsically contained in a local field theory, or 
can be avoided with a more suitable mathematical 
formulation of such a theory. The latter is the point of 
view of the author, who asserts that his treatment of the 
field theoretical equations gives finite results at any stage 
of the calculation, for all the theories which are ‘‘con- 
sistent” with the mathematical procedure used. (In this 
way the concept of “consistency” replaces the old concept 
of “‘renormalisability”’ of a theory.) Remarkable features 
of this treatment are the introduction of new mathematical 
quantities (namely pfaffians and hafnians) for describing 
fermion and boson fields; and the introduction of a new 
definition of the concept of integral, by using the 
Hadamard “finite part” of an integral in place of the 
integral itself. 

The presentation of the theory in this paper is necessarily 
sketchy and free from formulae ; if the reader is interested 
in the details of the mathematical formulation, he should 
rather refer to the papers quoted. Due to the complexity 
of the subject, the derivation of practical methods for 
calculating the quantities of physical interest is still to be 
achieved ; the author himself presents his work to date as a 
“starting point” rather than a “‘conclusion’”’. 

E. Ferrari (Geneva) 


10637 : 
Liotta, R. S. On the quantum conditions in field 
- IV. Nuovo Cimento (10) 17 (1960), 703-725. 
(Italian summary) 

The author discusses some properties of boson and 
fermion fields by combining the modern techniques of 
quantum field theory and the older ideas of Bohr, Wilson 
and Sommerfeld. S. N. Gupta (Detroit, Mich.) 


10638 : 

Gombas, P. Zur Erweiterung des statistischen Atom- 
modells mit der Korrelationskorrektion. Ann. Physik (7) 
7 (1961), 1-7. 

This paper is devoted to a complaint about a previous 
paper by the reviewer, on the inclusion of the correlation 
term in the Fermi-Thomas model of the atom. The latter 
used the new expression for the correlation energy, 
recently given by Brueckner and Gell-Mann. In a still 
earlier paper by the author, the correlation was included 
using an old expression due to Wigner. It is pointed out 
that, by suitably changing the parameters in the early 
paper, an expression numerically not too different from 
that used by the reviewer is obtained. It goes, of course, 
to the wrong limit at high density. The complaint baffles 
the reviewer. H. W. Lewis (Madison, Wis.) 


10639 : 

Sinanoglu, Oktay. Theory of electron correlation in 
atoms and molecules. Proc. Roy. Soc. London. Ser. A 
260 (1961), 379-392. 

A method is developed of introducing correlation effects 
into the Hartree-Fock method. Taking the Hartree-Fock 
solution as the unperturbed wave function, perturbation 
theory is used to give a correction in terms of pair 
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functions. These pair functions satisfy independent 
equations similar to those of a two-electron system but 
with the field of the nucleus replaced by the Hartree-Fock 
potential. A semi-empirical method of using the scheme 
in a large molecule is discussed. D. F. Mayers (Oxford) 


10640: 

Cohen, M.; Dalgarno, A. The Hartree energies of the 
helium sequence. Proc. Phys. Soc. '77 (1961), 165. 

An exact evaluation of the first non-trivial term of the 
expansion of the Hartree-Fock energy of the He sequence 
in inverse powers of the nuclear charge. 

D. F. Mayers (Oxford) 


10641 : 

Tietz, T. Streuung von Elektronenstrahlen an neutralen 
Atomen fiir verschiedene Thomas-Fermische Potentiale. 
Ann. Physik (7) 6 (1960), 262-266. 

Author’s summary: “In dieser Arbeit leiten wir 
sowohl exakte als auch angendherte Ausdriicke fiir die 
elastischen differentiellen Streuquerschnitte bei verschie- 
denen Thomas-Fermischen Atompotentialen ab. Unsere 
numerischen Resultate fiir die elastischen differentiellen 
Streuquerschnitte werden mit den entsprechenden Har- 
treeschen Werten verglichen.” 


10642: 

Tietz,T. Die Phasenverschiebung fiir den Grundzustand 
in der statistischen Theorie des Atoms. Ann. Physik (7) 
6 (1960), 233-235. 

Author’s : “In dieser Arbeit leiten wir eine 
analytische Formel fiir die Phasenverschiebung fiir den 
Fall der Nebenquantenzahl /=0 fiir das Thomas- 
Fermische Atom ab.” 


10643 : 

Lawson, J.; Lawson, W.; Seaton, M.J. The calculation 
of Born partial wave integrals for some transitions in H 
produced by electron impact. Proc. Phys. Soc. 77 (1961), 
192-198. 

Numerical values are given of the partial wave integrals 
which occur in the spherical harmonic analysis of the 
Born approximation for transitions between the 1s, 2s 
and 2p states of atomic hydrogen. A. Dalgarno (Belfast) 


10644: 

Burke, V. M.; Seaton, M.J. The calculation of electron- 
hydrogen collision cross sections using the Born approxima- 
tion for the reactance matrix. Proc. Phys. Soc. 77 
(1961), 199-212. 

Cross-sections for transitions between the 1s, 2s and 
2p levels of atomic hydrogen are obtained using the 
Born approximation to calculate the elements of the 
transmission matrix T, determined according to T= 
— 2iR/(1—iR), R being the reactance matrix. The method 
ensures that the conservation conditions are not isolated. 

A. Dalgarno (Belfast) 


10645: 

Bates, D. R. Collisions involving the crossing of 
potential energy curves. Proc. Roy. Soc. London. Ser. A 
257 (1960), 22-31. 
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The Landau-Zener formula is used to predict the cross- 
sections for the inelastic collisions of atomic systems 
when the potential-energy curves for adiabatic approach 
before and after the collision intersect. It is pointed out 
that the Landau-Zener formula for the transition proba- 
bility at a crossing has a very restricted range of 
applicability and that in many cases the transition 
probability may pass through two maxima as the impact 
energy varies. A. Dalgarno (Belfast) 


10646 : 

Seaton, M. J. The evaluation of partial wave integrals 
in the Born approximation. Proc. Phys. Soc. 77 (1961), 
184-191. 

A method is described for the evaluation of infinite 
integrals over a single variable, the integrands of which 
consist of products of two spherical Bessel functions and 
an arbitrary function. The final result is a simple integra- 
tion over the range (—1, +1), which must in general be 
evaluated numerically. 

An addition theorem for solid harmonics and a 
multiplication theorem for spherical Bessel functions are 
proved. A. Dalgarno (Belfast) 


10647 : 

Curl, R. F., Jr.; Kilpatrick, John E. Atomic term 
symbols by group theory. Amer. J. Phys. 28 (1960), 
357-365. 

Author’s summary: “The problem of the terms that 
arise from a given electronic configuration is defined and 
then solved by elementary methods. The problem is 
then solved much more easily by the use of elementary 
group theory. Finally, a new closed solution is given by 
means of which the terms from even the most complicated 
electronic configurations may be rapidly enumerated. This 
new method has been used to compile a table of all terms 
from configuration up through nf14.” 

D. F. Mayers (Oxford) 


10648 : 

Arima, Akito. Residual interaction and the deformation 
of nuclei. Nuclear Phys. 24 (1961), 69-83. 

The influences of the residual interaction, here being 
assumed as the 5-function, on the collective deformation, 
moment of inertia, the inertia parameter and the rigidity 
are studied in the beginning of the (2s-ld) shell. This 
calculation explains that the 8 vibration energy is high 
in the vicinity of closed shells and become lower in the 
vibrational region and again goes up to higher values in 
the deformed region. T. Sasakawa (Cambridge, Mass.) 


10649: 

Verlet, L.; Gavoret, J. On the optical model for nuclear 
reactions. Nuovo Cimento (10) 10 (1958), 505-519. 
(French and Italian summaries) 


10650 : 

Cohen, L. Classification of alpha particle wave functions. 
Nuclear Phys. 20 (1960), 690-697. 

The wave functions are separated into an isobaric spin 
part, a combined spin and orbital angular-momentum 


QUANTUM MECHANICS 













part and an internal part. These are classified according 
to their behaviour under the permutation group of four 
particles, and totally antisymmetric combinations are 
found. All matrix elements are then reduced to integrals 
over the interparticle distances, without use of the Euler 
angles. D. F. Mayers (Oxford) 


10651 : 

Cohen, L. Matrix elements for the alpha-particle. 
Nuclear Phys. 22 (1961), 492-497. 

The wave functions introduced in an earlier paper 
[#10650] are further analysed in terms of scalar products 
of spin and space vectors and tensors. Evaluation of 
matrix elements is then much simplified. 

D. F. Mayers (Oxford) 


10652: 

Swamy, N. V. V. J.; Kembhavi, V. K.; Galgali, D. G. 
Coulomb energies of closed-shell nuclei from shell-model 
wave fuctions. Phys. Rev. (2) 120 (1960), 2069-2071. 

Formulae are given for Slater integrals obtained from 
harmonic oscillator wave functions. Numerical values of 
the Coulomb energies are then obtained and compared 
with those based on a statistical model and a trapezoidal 
model. The effect of the inclusion of the exchange energy 
in estimating the Coulomb radius of the nucleus is then 
shown to require some slight modification of the usual 
Z4/3 variation. D. F. Mayers (Oxford) 


10653 : 

Tombrello, T. A.; Phillips, G. C. A two-body cluster 
model of the nucleus. Nuclear Phys. 20 (1960), 648-662. 

The authors have described the Hamiltonian of the 
nucleus in terms of the Hamiltonian of two clusters of 
particles each cluster consisting of two components. They 
were then able to solve the coupled Schrédinger equation 
and further applied this technique to an analysis 3.85 Mev 
excited states of C!% with spin 5/2. The results of their 
analysis illustrate the validity as well as the utility of 
such a description. N.S. Wall (Cambridge, Mass.) 


10654 : 

Dabrowski, J.; Sawicki, J. The high energy optical 
model and nuclear forces. Nuclear Phys. 22 (1961), 318- 
335. 


Authors’ abstract : ‘An iteration procedure is discussed 
for the integral equation relating the ¢-matrix for two 
nucleons in the medium to the free nucleon-nucleon 
t-matrix. The real and imaginary parts of the medium and 
high-energy optical model potential are discussed from 
the point of view of this procedure. Numerical results are 
obtained for the Gammel-Thaler and Signell-Marshak 
potentials.” J. L. Gammel (Los Alamos, N.M.) 


10655 : 
Moyal, J. E. Statistical problems in nuclear and cosmic 
ray physcis. Bull. Inst. Internat. Statist. 35 (1957), 
no. 2, 199-210. (French summary) ° 
Making use of the fact that many of the individual 
nuclear and atomic events taking place when radiation 
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passes through a bulk medium are statistically inde- 
pendent; the author sets up the Chapman-Kolmogoroff 
equation describing the Markoff process. Forward and 
backward integro-differential equations are then obtained 
and a generalized solution in iterative form is given. The 
illustrative examples of multiple scattering and the 
development of a nucleon cascade in homogeneous nuclear 
matter are discussed. H. Messel (Sydney) 


10656 : 

Lustig, Harry. Resonance reactions with generalized 
one-level approximation. Nuclear Phys. 17 (1960), 317-— 
328. 

A formal theory of nuclear reactions is developed for 
the case of overlapping resonances. The description is 
particularly appropriate in the case that the energy 
dependency of the reaction is dominated by one single- 
level part and the energy dependence of the other com- 
ponents is relatively slow. N.S. Wall (Cambridge, Mass.) 


10657 : 

Ericson, Torleif. Classical theory of compound nucleus 
reactions. Nuclear Phys. 17 (1960), 250-263. 

In the classical limit of high angular momentum the 
characteristics of the angular distribution of the emitted 
particle from a compound nucleus is derived. Correspon- 
dence is made between the quantal and classical calcula- 
tions. Total cross sections are derived and a technique 
for the measurement of the density of energy levels is also 
suggested. N.S. Wall (Cambridge, Mass.) 


10658 : 

Sawicki, J. Note on the spin-orbit part of the optical 
model potential. Nuclear Phys. 17 (1960), 89-95. 

Author’s summary : “The spin-orbit part of the optical 
model potential is calculated using a modified, more 
accurate form of the impulse approximation model of 
Riesenfeld and Watson. In contrast to the usual model, 
the integrations over the target particle momentum are 
performed. Comparison with the usual theories is dis- 
cussed and the polarization of nucleons elastically 
scattered from carbon nuclei with the use of the Signell- 
Marshak nucleon-nucleon scattering phase shifts.”’ 


10659 : 

Brown, G. E.; Evans, J. A.; Thouless, D. J. Vibrations 
of spherical nuclei. Nuclear Phys. 24 (1961), 1-17. 

Author’s abstract : “The particle-hole interaction is dis- 
cussed as the mechanism for producing vibrational states 
in nuclei. The procedure is first illustrated by means of a 
schematic model, from which it is shown that the usual 
type of shell-model calculation must be extended to 
include correlations in the ground state of the nucleus 
before it can be applied to the calculation of vibrational 
states. Results of calculations in j-j coupling, but with 
zero-range forces, are given.” 

N.S. Wall (Cambridge, Mass.) 


10660a : 

Taketani, Mituo; Machida, Shigeru. On the method 
of the theory of nuclear forces. Progr. Theoret. Phys. 24 
(1960), 1317-1324. 
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10660b : 

Hoshizaki, Norio; Machida, Shigeru. Two nucleon 
potential with full recoil. I. General formalism and one- 
ee aa potential. Progr. Theoret. Phys. 24 (1960), 


These two papers present a clear picture of the authors’ 
methods of analyzing the nuclear force problem. The first 
paper is a review of the work of Taketani, Nakamura and 
Sasaki giving their method and results to date. The 
second is an extension of their work by Hoshiyaki and 
Machida, utilizing a momentum representation, to derive 
a non-static nuclear potential. They show the one-pion 
and two-pion exchange potentials with full recoil can be 
represented by a local potential. They formulate their 
analysis to determine which experimental quantities can 
be compared with the pion theory of nuclear forces. They 
indicate that pseudovector coupling may be preferable in 
the range of 0.7 to 1.5 the pion compton wavelength. 

N.S. Wall (Cambridge, Mass.) 


10661 : 

Gillet, Vincent. Théorie des corrélations multiples 
perturbées. Nuclear Phys. 20 (1960), 561-584. (English 
summary) 

An adaptation of work of Fano and Racah [Irreducible 
tensorial sets, Academic Press, New York, 1959; MR 20 
#6283] to the perturbed case, particularly the effect of 
the removal of degeneracies. After a deduction of the 
general formalism, the theory is applied to the computa- 
tion of angular correlations for perturbed systems, many 
specific formulas being given. 

I. E. Segal (Cambridge, Mass.) 


10662 : 

McWeeny, R.; Mizuno, Y. The density matrix in many- 
electron quantum mechanics. II. Separation of space 
and spin variables; spin coupling . Proc. Roy. 
Soc. London. Ser. A 259 (1960/61), 554-577. 

The spin-independent properties of an electronic system 
are completely determined by spinless density functions 
derived from one- and two-electron density matrices 
[R. McWeeny, same Proc. 253 (1959), 242-259; MR 22 
#1377]. The present paper contains the generalizations 
necessary for treating spin-dependent properties. The 
density matrices are resolved into spinless components 
associated with different spin situations. All the densities 
have a physical interpretation independent of the precise 
nature of the wave functions. The derivation of the 
density functions from approximate wave functions is 
considered in some detail. A. C. Hurley (Melbourne) 


10663 : 

Lofthus, Alf. Molecular two-centre hybrid and ex- 
change integrals between 2p7 and 3pm atomic orbitals. 
Molecular Phys. 4 (1961), 17-24. 

A table of numerical values of all two-centre hybrid 
and exchange integrals between 2pm and 3pr atomic 
orbitals with equal orbital exponent a= 1(0.025)9, 
together with a brief indication of the method of calcula- 
tion. D. F. Mayers (Oxford) 


10664: 
Dalgarno, A.; Patterson, T. N. L.; Somerville, W. B. 
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The hyperfine structure of the hydrogen molecular ion. 
Proc. Roy. Soc. London. Ser. A 259 (1960/61), 100-109. 
Authors’ summary: “A calculation is presented of the 
energy levels of the hydrogen molecular ion in the ground 
state for different orientations of the electron spin, taking 
into account the coupling of the electron spin to the 
nuclear spin and to the nuclear rotational angular 
momentum. The first-order coupling terms are evaluated 
to very high accuracy, and quantitative results are given 
for the level splitting for a number of rotational levels.” 
D. F. Mayers (Oxford) 


10665 : 

Amat, G.; Henry, L. Résonances et dédoublements du 
type K dans les molécules 4 symétrie axiale. J. Phys. 
Radium 21 (1960), 728-730. (English summary) 

Authors’ summary : “It is established that, in the case 
of axially symmetric molecules, the second-order trans- 
formed rotation-vibration Hamiltonian has nonvanishing 
matrix elements of the form (K|h21'|K +) where n=3 or 
4 for molecules of 3- and 4-fold axial symmetry respective- 
ly. The corresponding effect is called K-type resonance 
or (if n=4; K=}2) K-type doubling. The coefficients 
of the matrix elements have been calculated as functions 
of the molecular constants for the .different symmetry 


groups. 


10666 : 
Venables, H. A. Representations of the unitary group 
and wave functions. Canad. J. Phys. 39 (1961), 510-513. 
It is shown that the hydrogen radial wave-function, the 
hydrogen parabolic wave-function and the harmonic 
oscillator wave-function may be obtained as limiting 
values of the matrix elements of the irreducible repre- 
sentations of the two-dimensional unitary group. 
A. C. Hurley (Melbourne) 


10667 : 

Burkhard, Donald G. Internal angular momentum in 
hindered rotation. J. Opt. Soc. Amer. 50 (1960), 1214— 
1227. 

When two rigid molecular groups undergo relative 
rotation about a definite axis and at the same time rotate 
freely in space, the motion may be described using any 
of several sets of coordinate axes each of which translates 
with the centre of mass of the whole molecule. This paper 
contains a systematic discussion of the various sets of 
axes which have been used. A completely asymmetric 
group with an attached symmetric group rotating about 
its symmetry axis is considered first. Finally the case of 
two internally rotating asymmetric groups is discussed 
briefly. A.C. Hurley (Melbourne) 


10668 : 

Léwdin, P. 0; Pauncz, R.; de Heer, J. On the calcula- 
tion of the inverse of the overlap matrix in cyclic systems. 
J. Mathematical Phys. 1 (1960), 461-467. 

Authors’ summary : “The inverse of the overlap matrix 
of a cyclic system has been computed in three different 
ways, each of which throws light on a different aspect of 
the subject and has its own range of applicability to 
related problems. In all these derivations extensive use has 
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been made of the properties of the Chebyshev polynomials, 
The results hold for every symmetric matrix.” 
A.C. Hurley (Melbourne) 


10669 : 

Destouches, Jean-Louis; Aeschlimann, Florence. +~Les 
systémes de en théorie fonctionelle. Actualités 
Sci. Ind. No. 1277. Hermann, Paris, 1959. 126 pp. 
21 NF. 


This gives a unified treatment of the “functional” 
theory of particles, a generalization of quantum mechanics 
various cases of which have been studied in recent papers 
by the two authors. The treatment is quite general and 
rather abstract. The fundamental assumptions consist of 
seventeen postulates discussed in the first four chapters. 

A particle is represented geometrically not by a point 
but by a function u(z, y, z, t) of space and time. For a 
system of n particles the single wave equation of ordinary 
wave mechanics is replaced by n equations, each of the 
form Lyu;=Q;, where L; is a linear operator, but Q; is a 
non-linear function of the w,’s and their partial derivatives. 

The third chapter deals with the indiscernability of like 
particles and the Pauli exclusion principle. Particles with 
spin are considered, and the theory is given both in 
relativistic and non-relativistic form. The fifth and sixth 
chapters deal with the ‘““mean wave” and the “barycentric 
wave”. As the number of (like) particles increases in- 
definitely, the equation satisfied by the mean wave 
approaches the usual wave equation. This shows the 
relation of the new theory to older theories. Because of 
the failure of separation between the motion of the 
barycenter and the motion about the barycenter, the new 
equations are not usually solvable exactly, but approximate 
methods are sometimes available. O. Frink (Dublin) 


10670: 

da Silveira, Adel. Kemmer wave equation in Riemann 
space. J. Mathematical Phys. 1 (1960), 489-491. 

The Kemmer equation for spin-zero and spin-one 
particles is written down in a Riemann space, and various 
properties of the relevant matrices are established. This 
makes it possible to discuss the interaction of such 
particles with a gravitational field to the extent that the 
latter can be described as an externally imposed curvature 
of the space-time metric. No applications are made. 

H. W. Lewis (Madison, Wis.) 


10671: 

Kawaguchi, Masaaki. Approximate solution of the 
Bethe- equation for two fermions. Progr. Theoret. 
Phys. 25 (1961), 178-188. 

The Bethe-Salpeter equation for two fermions inter- 
acting through a scalar photon field is discussed, using the 
Tani-Foldy-Wouthuysen transformation to separate out 
the “large’”’ components of the wave-function. Although 
recoil and retardation are of the same order of magnitude, 
the former is neglected, and the latter taken into account. 
In the end, one of the contributions to the relativistic 
correction to the binding energy of positronium is calcu- 
lated. It is remarked that there are other larger terms 
still to be calculated. H. W. Lewis (Madison, Wis.) 


10672: 
Kemmer, N. On the theory of particles of spin 1. 
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Helv. Phys. Acta 33 (1960), 829-838. (German summary) 

This is an important paper. For cases where spin 1 
fields A, interact with non-conserved currents j,, it is 
shown that provided the linear set of equations 2,F',,— 
mA, =j,, 0,A,—0,A,—mF,, =0 is used, the latent degrees 
of freedom associated with the Ao component of the field 
are not excited and the field does describe unit spin 
particles only. A. Salam (London) 


10673: 

Ikeda, Mineo; Miyachi, Yoshihiko; Ogawa, Shuzo; 
Sawada, Shoji; Yonezawa, Minoru. A possible sym- 
metry in Sakata’s model for bosons-baryons system. III. 
Progr. Theoret. Phys. 25 (1961), 1-16. 

[For part II see Ikeda, Ogawa and Ohnuki, , 
Theoret. Phys. 23 (1960), 1073-1099; MR 22 #5418.) 
Following the original intention of the composite-particle 
model of the present and other authors, some of the 
quantum numbers characterizing the full symmetry 
under the three-dimensional unitary group of the model 
are replaced by other quantum numbers which have a 
direct intuitive meaning. The structure and behavior of 
various composite systems are discussed in these new terms. 

P. Roman (Boston, Mass.) 


10674: 

Hillion, P.; Vigier, J.-P. New isotopic spin space and 
classification of elementary particles. Nuovo Cimento (10) 
18 (1960), 209-228. (Ttelinn summary) 

Elementary particles are considered as extended objects, 
described by relativistic rotators. This viewpoint leads to 
considering the three-dimensional complex rotation group 
as the basic symmetry group. The infinitesimal operators 
of the Lie algebra associated with this group are expressed 
in terms of Euler parameters. Finite-dimensional sub- 
spaces associated with irreducible representations of the 
complex rotation group are obtained. In each subspace a 
set of “internal state vectors’’, corresponding to different 
types of elementary particles, is defined. The empirical 
classification of elementary particles is thus justified. 

P. Roman (Boston, Mass.) 


10675: 
Peterkop, R. [Péterkops, R.]. 


Asymptotic expansion of 
the wave function of 


particles. Latvijas PSR 


Zinitnu Akad. Véstis 1960, no. 9 (158), 79-84. (Russian. 
Latvian summary) 
10676: 

d’Espagnat, B. |AS \- he | = } rules with two 
intermediate boson uovo Cimento (10) 18 (1960), 
287-303. (Italian summary 


A theory of the wai fa etiittiae is proposed which 
accounts for the rules |AS| = 1 for nonleptonic decays and 
AI| = } by postulating two pairs of charged intermediate 

ns (“vetons”). Observable differences with the pre- 
dictions of the Lee and Yang theory [Phys. Rev. (2) 199 
(1960), 1410-1419; MR 22 #7788], which postulates a 
pair of charged and a pair of neutral intermediate bosons 


(“schizons’’), are discussed ; in particular, the veton theory 
forbids leptonic decays of strange particles where the 
total charge of the leptons is zero. 

P. W. Higgs (Edinburgh) 
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10677 : 

Krélikowski, Wojciech. Fermions and the intrinsic 
Pauli principle. Nuclear Phys. 23 (1961), 53-61. 

The author, making use of universal operators £,, £.*, 
besides isospin operators 7;, which have indices a (=1, 2) 
corresponding to charges 0, —e and satisfy anticommuta- 
tion relations, and representing fermions as spinors 
having two kinds of indices corresponding to 7 and é, 
investigates total isospin and total charge of baryons and 
leptons. Four unknown fermions and two types of 
neutrinos are expected from the theory, but the author 
does not take into account mass differences of fermions. 
This method may be essentially equivalent to the 
4-dimensional treatment of isospin space. 

N. Kumasawa (Tokyo) 


10678 : 

Sawada, Shoji. Single pion production process in pion- 
nucleon collision and the Sakata model. Progr. Theoret. 
Phys. 25 (1961), 83-101. 

Author’s summary: “Based on the Sakata model, we 
propose a model for the single pion production process in 
a-N collision which is essentially an extension of the 
Lindenbaum-Sternheimer model. It is pointed out that 
the analysis of sub-Bev single pion production phenomena 
will give us useful information about the level scheme of 
the Sakata model. As a first step of the investigation of 
this model an analysis of the single pion production 
process in m+-p collision at 500 Mev is made. Our model 
predicts the contribution of the J =2 boson isobar as well 
as the J=3/2 fermion isobar (Lindenbaum-Sternheimer 
model) for this process. Such a prediction is consistent 
with the present experimental branching ratio 


(at +p —> wt +n +p)|(at +p — at +at +n) = 


We calculate the energy and angular distribution of the 
pion and nucleon which will be useful for obtaining in- 
formation about the J = 2 boson isobar and J = 3/2 fermion 
isobar from this process.” Y. Takahashi (Dublin) 


10679: 

Ramakrishnan, Alladi; Balachandran, A. P.; Rangana- 
than, N. R. Some remarks on the structure of elementary 
particle interactions. Proc. Indian Acad. Sci. Sect. A 53 
(1961), 1-11. 


10680 : 

Salam, A.; Ward, J.C. On a gauge theory of elemen- 
tary interactions. Nuovo Cimento (10) 19 (1961), 165- 
170. (Italian summary) 

A theory of strong interactions is developed using the 
idea that the interaction terms of the Lagrangian should 
be generated from the symmetry transformations of the 
bare Lagrangian by generalised gauge transformations. 
The resulting vector bosons are to mediate both strong 
and weak interactions, the difference in coupling strengths 
being produced by the appearance of a non-zero vacuum 
expectation value of a postulated neutral scalar field c. 
The application of these principles to elementary particle 
physics produces 28 such vector bosons. 

J.C. Polkinghorne (Cambridge, England) 











10681 : 

Iddings, C. K.; Platzman, P. M. Two-nucleon L-S 
potential in pseudoscalar meson theory. Phys. Rev. (2) 
120 (1960), 644-652. 


10682: 

Wilson, J. G.; Wouthuysen, 8. A. (Editors). Progress 
in elementary particle and cosmic ray physics. Vol. IV. 
Series in Physics. North-Holland Publishing Co., Amster- 
dam; Interscience Publishers, Inc., New York; 1958. 
xii+470 pp. $12.50. 

Chapter I: Some theoretical aspects of the strong inter- 
actions of the new particles. by Bernard D’Espagnat and 
Jacques Prentki [see #10683]. Chapter Il: The properties 
and production of K-mesons, by W. D. Walker. Chapter 
III: The interaction of u-mesons with matter, by G. N. 
Fowler and A. W. Wolfendale. Chapter IV: The primary 
cosmic radiation and its time variations, by S. F. Singer. 
Chapter V: The origin of cosmic radiation, by V. L. 
Ginzburg. 


10683 : 

D’Espagnat, Bernard; Prentki, Jacques. Some theo- 
retical aspects of the strong interactions of the new 
particles. Progress in elementary particle and cosmic 
ray physics, Vol. 4, pp. 1-69. North-Holland, Amster- 
dam ; Interscience, New York ; 1958. 

D’Espagnat and Prentki’s review is mainly concerned 
with the systemization-schemes for elementary particles 
(suggested by Pais, Gell-Mann, Schwinger and others). 
There are some excellent sub-sections on the group- 
theoretical structure of isotopic-space. 

A. Salam (London) 


10684: 

Minami, Shigeo. s-wave K meson-nucleon interaction. 
Progr. Theoret. Phys. 23 (1960), 1163-1173. 

The author’s previous work [Prog. Theoret. Phys. 23 
(1960), 887-895 ; MR 22 #5408] on pion-nucleon scattering 
is extended to kaon-nucleon scattering. The experimental 
data (to 1958) then requires an imaginary effective kaon- 
nucleon coupling constant. 

S. Bludman (Berkeley, Calif.) 


10685 : 
Hori, Shoichi. On the interaction Hamiltonian for the 
decay of =-hyperons. Nuclear Phys. 17 (1960), 227-237. 


10686 : 

Arif-Uz-Zaman. Zur Berechnung der Masse des Fer- 
mions in einer nichtlinearen Spinortheorie. Z. Natur- 
forschg. 16a (1961), 225-227. (English summary) 


10687 : 

Judge, D.; Shimodaira, H.; Takahashi, Y. On the 
substitution law in quantum field theory. Nuovo Cimento 
(10) 16 (1960), 1139-1141. (Italian summary) 

This is a preliminary account of an investigation of 
the general conditions which a field theoretic Hamiltonian 
must satisfy to ensure the validity of the substitution law, 
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M(k;, ke, ke, is -; ke, ke, -* ‘)= M(k., ke, -- := ka, kp, ke -*), 
in which the right- and left-hand sides are respectively 
the S-matrix elements for the processes a+b+c+ - 

a+B+y+--- and b+c+----G+a+B+y+-- iol 
is the antiparticle of a, aa k denotes the paketit of 
@ particle. P. W. Higgs (Edinburgh) 


10688 : 

Katayama, Yasuhisa; Taketani, Mituo; Ragusa, Sil- 
vestre; de Oliveira, Diogenes Rodrigues. On the electro- 
magnetic structure of nucleons and their mass difference. 
Progr. Theoret. Phys. 23 (1960), 328-352. 

The Stanford experiments (to 1959) on electron-nucleon 
scattering do not determine the nucleon charge and 
moment distributions at distances smaller than 0.5 
x 10-18 em. The authors show that a phenomenological 
distribution can be obtained that is consistent with the 
neutron-proton mass difference. 

S. Bludman (Berkeley, Calif.) 


10689 : 

Finkelstein, R. Spacetime of the elementary particles. 
J. Mathematical Phys. 1 (1960), 440-451. 

The author thinks that the physical world is character- 
ized by distant parallelism, uniform torsion, symmetric 
metric and distant congruence of a 4-dimensional non- 
Riemannian space in which an asymmetric connection is 
defined. These assumptions lead to the results that the 
number of independent components of the torsion -is 4 
(an axial vector!) and that the special type of the space 
is entirely characterized by this axial vector g. The 
method of introducing a spinor field ¥ differs little from 
that of previous writers (as V. Fock, L. Infeld-B. L. Van 
der Waerden and others). Since the structure of the space 
should be determined by the matter field, there are some 
kinds of possibility such as gp =12(PySynp) (universal 
coupling). After solving a cosmological model, he evaluates 
roughly r= 10-12 em from the value of particle density 
and concludes that the universal coupling will be of the 
order of the strong interactions. No reference is made to 
the electromagnetic field. N. Kumasawa (Tokyo) 


10690: 

Maris, Th. A. J. A remark on the isobaric spin space. 
Nuclear Phys. 24 (1961), 346-352. 

A proposal is made to describe proton and neutron by 
the Dirac equations with opposite sign of the mass. The 
sum of the proton and neutron fields is then the general 
solution of the Klein-Gordon equation. The isospin 
rotations are expressed for a free field in terms of ys and 
y"- 8/@a operators. Finally, the quantization is performed 
and the isospin and baryon number operators are written 
down. No discussion of the interaction problems is given. 

I. Bialynicki- Birula (Warsaw) 


10691 : 

Marcu, M.; Spirchez, M. A Monte-Carlo calculation of 
the of mesons in jets. Nuclear Phys. 
21 (1960), 526-527. 

A very brief report of the results of the calculation 
described by the title. 

R. R. Coveyou (Oak Ridge, Tenn.) 
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10692: 

Cuvilo, I. V. Serge tmennringeepannret 
the “ Eksper. Teoret. Fiz. 37 
(1959), 1401-1406 (Russian. oes summary); trans- 
lated as Soviet Physics. JETP 10 (1960), 994-997. 

The spectrum of elementary particles is considered to 
be built up out of an isosinglet, strangeness —3 baryon 
Q-, and the K meson doublet. Other particles not yet 
observed that are predicted in addition to Q- are another 
isosinglet baryon Z+ of strangeness +1 (and mass below 
that of the nucleon!) and isosinglet mesons of strangeness 
0 and +2. The author asserts that this scheme helps to 
qualitatively explain (1) the angular distributions ob- 
served in associated production of strange particles, (2) the 
charge exchange scattering of K mesons and & hyperons, 
(3) the small production cross section for =~, (4) the 
nucleon electromagnetic form factors. As is often the case 
with publications from the Soviet Union, one might wish 
that more detail was included in the paper. 

S. Bludman (Berkeley, Calif.) 


10693 : 

Shapiro, I. 8S. Weak interactions in the theory of 
elementary particles with finite space. Nuclear Phys. 21 
(1960), 474-491. 

Following earlier work by Jarnefelt [Ann. Acad. Sci. 
Fenn. Ser. A I Math.-Phys. No. 96 (1951); MR 18, 677] 
and Coish [Phys. Rev. (2) 114 (1959), 383-388; MR 21 
#4774] the author considers the possibility that the 
geometry of physics is based on coordinates in a simple 
Galois field GF(p), i.e., that points are distinguishable 
only modulo p, where p is some very large prime number 
of a particular form. The finite geometry so defined is 
distinguished from conventional space-time (p= 00) by 
being non-metrical. The finite analogue of the proper 
Lorentz group contains, in addition to proper Lorentz 
transformations, an outer automorphism g which reverses 
the sign of the metric form. The representations of the 
generalized finite Lorentz group are characterized by two 
integers Q, » (1S 34) in addition to ji, je, the usual 
characteristics of the representations D(j1, je) of the 
ordinary Lorentz group. The (p+ 1)-valuedness of the 
spinor representations of the generalized finite Lorentz 
group apparently requires, for physical interpretation, that 
the spinors be of two-component forms. This leads the 
author, not only to interpret Q as electric charge (as Coish 
did), but also to interpret » as a quantum number 
distinguishing baryons, electrons and muons. Because of 
the existence of the outer automorphism g, space reflection 
inevitably involves the operation of Hermitian conjuga- 
tion, i.e., only combined inversions are admitted. The 
paper includes a concise summary of the necessary elements 
of Galois field theory; nevertheless a reading of Coish’s 
paper (with which Shapiro differs in a number of places) 
is quite helpful. S. Bludman (Berkeley, Calif.) 


10694 : 

Viswanathan, K. 8. The Dirac equation for many- 
electron systems. Proc. Indian Acad. Sci. Sect. A 52 
(1960), 35-45. 

A semi-relativistic discussion is given of Breit-type 
equations for several electrons. The result written in the 
end is the one one would normally have guessed. 


H. W. Lewis (Madison, Wis.) 
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10695 : 
Igi, Keiji 


. Onthe XKzz interactions. Progr. Theoret. 
Phys. 25 (1961), 201-210. 


Author’s summary: “Low energy K meson-nucleon 
interaction is re-investigated under the following assump- 
tions. (1) K meson is scattered via KKrz interactions of 
the isospin independent and dependent type in addition 
to the direct K meson-hyperon-nucleon interactions. 
(2) In the low energy range (up to 250 Mev), S-wave 
K-nucleon scattering is dominant. (3) The source of 
S-wave K-mesons is extended to a comparable size as the 
potential range via the exchange of two pions. 

“The characteristic features of low energy K-nucleon 
scattering are shown to be reproduced under the above 
assumptions. It turns out that the K Km interaction of 
isospin dependent type plays an important role in K- 
nucleon scattering.” 


10696 : 

Merat, Parviz. Quelques problémes iques sur les 
particules élémentaires. Cahiers de Phys. 15 (1961), 1-55. 

This thesis represents an effort to find a unified descrip- 
tion of the system of known Fermions in interaction with 
the Bosons. The formalism is developed in analogy to the 
technique used in going from the Weyl equation for a 
two-component spinor-field to the four-component Dirac 
equation. The Dirac equation is known to be equivalent 
to two Weyl equations which are the complex conjugate 
of each other. This leads to the well-known consequence 
that the Dirac equation represents two particles, the 
ordinary particles and the antiparticles which interact 
with opposite sign with the electromagnetic field. The 
technique of doubling the number of components in 
order to double the number of particles is then extended 
first to the electron-neutrino system as an example and 
eventually to the system of all Fermions. The author thus 
arrives at an equation of 256 real components representing 
16 Fermions and anti-Fermions each represented by a 
wave function of 16 real components. 

Eleven of these particles are supposed to correspond to 
the known Fermions. Four additional ones are supposed to 
be heavy leptons which could in principle be observed. 
The author discusses possible reasons why they have in 
fact not been observed. There is one left over about which 
nothing is known. 

The basic physical data, such as the equality of all 
electromagnetic interactions, the values of the masses and 
the strengths and nature of the strong and weak inter- 
actions are introduced as hypotheses. 

This elegant formalism remains thus essentially 
phenomenological in nature and does not reduce the 
number of parameters in the theory of elementary 
particles. J. M. Jauch (Geneva) 


10697 : 

Goldhaber, Gerson ; Goldhaber, Sulamith; Lee, Wonyong ; 
Pais, Abraham. Influence of Bose-Einstein statistics on 
the antiproton-proton annihilation process. Phys. Rev. 
(2) 120 (1960), 300-312. 

Strong interaction processes involving many particles 
are beyond the techniques of computation starting from 
a fundamental theory and hence the theories of multiple 
meson production are generally statistical theories. In 
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particular, for the statistical model of multiple pion 
production in antinucleon annihilation process, the 
probability for annihilation into any given N pion state 
is proportional to the phase space and another factor 
which may be “interpreted” to be “the probability to 
find N free pions in the reaction volume.” The distance 
correlations typical of a Bose gas may now be expected 
to alter the probability when the identity of the pions 
(with the complication of isotopic spin taken care of 
appropriately) is considered. The correlations so introduced 
are dependent upon the “reaction volume” and provide a 
means of determining its size. The quantity evaluated is 
“the ratio of the number of pion-pair angles greater than 
90 deg. to the number of pion-pair angles less than 90 deg.” 
and the comparison with the rather remarkable experi- 
mental results (which show a difference depending upon 
whether one uses like-pion pairs or unlike-pion pairs) 
yield a radius of the interaction volume of “between one- 
half and three-quarters of the pion Compton wavelength”. 
The calculations are tedious and are evaluated on a com- 
puter. {This reviewer feels it necessary to point out that 
such an additional “symmetrization” is needed only if 
the “interpretation” involving visualizing a reaction 
volume is adopted; if the statistical model predictions 
about the probabilities are interpreted as squared matrix 
elements summed over isotopic spin wavefunctions, the 
result is automatically symmetric.} 

E. C. G. Sudarshan (Rochester, N.Y.) 


10698 : 

Budini, P.; Dallaporta, N.; Fonda, L. On the charge 
conjugation of baryons. Nuovo Cimento (10) 9 (1958), 
316-323. (Italian summary) 

Disregarding mass differences of baryons, the authors 
factorize the charge conjugation C into two operations B 
(boson conjugation, change of the sign of the charge only, 
which transforms nucleons into =’s) and S (spinor con- 
jugation, change of the sign of the baryon number only, 
which transforms nucleons into anti-=’s) and show that 
one can obtain a general interaction Lagrangian which is 
invariant under B, S and C separately. A suggestion to 
solve the mass differences also is proposed. 

N. Kumasawa (Tokyo) 


10699 : 

Dallaporta, N.; Toyoda, T. On the transformation 
properties of strong interactions. Nuovo Cimento (10) 14 
(1959), 142-160. (Italian summary) 

An attempt to unify 8 baryons into states of a single 
spinor equation. Neglecting mass differences, the authors 
assume the states obey a 32-component Dirac equation 
with three (electromagnetic, K, and pion fields) interaction 
terms. This equation can be separated into four 8-com- 
ponent equations and further into eight 4-component 
equations when a unitary transformation is applied for 
each process. 

While applying another kind of transformation, they 
conclude that the equation is invariant under boson, 
charge and spinor conjugation [see #10698]. 

N. Kumasawa (Tokyo) 


10700: 
Galitsky, V.M. Collective excitations in Fermi systems. 
Physica 26 (1960), supplement, § 174-S 180. 
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The collective excitations in Fermi systems at zero 
temperature are investigated in terms of the two-particle 
Green’s function for the cases of both repulsion and 
attraction. It is shown simply that in the case of repulsion 
the collective excitation represents either zero sound or 
plasma wave. In the case of attraction, the Bogolyuboy 
transformation is applied. The reason why the ordinary 
sound appears in the case of attraction and not in the 
case of repulsion is explained in terms of the difference in 
the nature of the pole. 

1’. Sasakawa (Cambridge, Mass.) 


10701: 

Kato, Tomokazu; Kobayashi, Tetsuro; Namiki, Mikio. 
Formal theory of Green functions. Progr. Theoret. Phys. 
Suppl. No. 15 (1960), 3-60. 

Survey of the Green-function method applied to the 
many-particle system is given. The Green function is 
defined for the many bosons or fermions as an extension 
of the one-particle Green function. After differentiating the 
one-particle Green function with respect to t, the iteration 
procedure connects the one-particle Green function with 
two-, three- and many-particle Green functions. This 
equation is formally diagonalized. Thereby, the connection 
with the graphical method is taken into account. The 
same procedure is tried for the two-particle Green function. 
Discussions in terms of the Green function are given over 
some problems: the current density, the reaction matrix, 
and the one-particle behavior in the many-particle system. 

T.. Sasakawa (Cambridge, Mass.) 


10702: 

Brueckner, K. A.; Gammel, J. L. Solution of the 
nuclear many-body problem. Phys. Rev. (2) 105 (1957), 
1679-1681. 

From the authors’ introduction: “In a series of pre- 
vious papers in Phys. Rev. one of us (Brueckner) has 
described a method for determining the properties of 
nuclear matter and has obtained some approximate 
solutions. The methods used have also been discussed by 
a number of other authors, particularly by Bethe. It is 
the purpose of this note to give a brief summary of the 
numerical solutions obtained by the authors at the 
computing center of the Los Alamos Scientific Laboratory, 
using the I.B.M. 704 fast electronic computers.” 


10703: 

Hugenholtz, N. M.; Van Hove, L. A theorem on the 
single icle energy in a Fermi gas with interaction. 
Physica 24 (1958), 363-376. 

It is proved that the single-particle energy of a particle 
lying near the top of the Fermi sea (in a Fermi gas at 
the absolute zero of temperature) is equal to the average 
binding energy per particle of the gas. 

Brueckner does not admit that the theorem has any 
significance for the calculations of Brueckner and Gammel 
[#10702], as claimed by the authors, because the single- 
particle energies of virtual particles propagating in a gas 
is strongly affected by off-energy shell effects (in particular 
a combinatorial factor 2 occurs in one type of diagram for 
real particles but not for virtual particles). Calculations 
by Brueckner, Gammel and Kubis [Phys. Rev. (2) 118 
(1960), 1438-1441 ; MR 22 47745] verify that the inclusion 
of the missing terms pointed out by the authors does not 
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affect the results of Brueckner and Gammel in any im- 
portant way. The calculation of the optical potential 
would, however, be strongly affected, as the authors say. 

J. L. Gammel (Los Alamos, N.M.) 


10704: 

Brueckner, K. A.; Goldman, D. T. particle 
energies in the theory of nuclear matter. Phys. Rev. (2) 
117 (1960), 207-213. 

Authors’ summary: “The excitation spectrum of real 
and virtual excitations is discussed from the point of 
view of the perturbation series expansion. The effect of 
the rearrangement energy terms in the single-particle 
virtual excitation spectrum is evaluated and seen to be 
very small. It is also noted that the virtual particle 
energies are real due to the effects of off-energy-shell 
propagation. 

“Starting from the reaction matrix approximation for 
the ground state energy, the energies of real particle and 
hole excitations are defined which satisfy the separation 
energy theorem. It is shown that the energies so defined 
depend on an infinite sequence of terms giving the re- 
arrangement energy for multiple excitations. Appropriate 
termination and evaluation of this series are discussed.” 


10705: 
Brueckner, K. A.; Lockett, A. M.; Rotenberg, M. 
of finite nuclei. Phys. Rev. (2) 121 (1961), 
255-269. 

This paper represents a very ambitious attempt to 
calculate the properties of heavy, finite nuclei from the 
two-nucleon interaction. The basic idea is simple : the two- 
nucleon potential is replaced (in the usual Hartree-Fock 
theory) by a pseudopotential appropriate to infinite 
nuclear matter. The actual calculations based on this 
idea are very long and do not agree quantitatively with 
experimental data. It has to be concluded that something 
is wrong with the basic idea. The authors propose that the 
difficulty may lie in the approximation that treats the 
nuclear correlation as independent of density gradient 
(that is, the pseudopotential may not be the same as for 
infinite nuclear matter). Rearrangement effects [see 
N. M. Hugenholtz and L. Van Hove, #10703; K. A. 
Brueckner and D. T. Goldman, #10704 ; K. A. Brueckner, 
J. L. Gammel, and J. T. Kubis, Phys. Rev. (2) 118 (1960), 
1438-1441; MR 22 #7745] may also not be adequately 
accounted for. J. L. Gammel (Los Alamos, N.M.) 


10706: 

Fukuda, Nobuyuki; Wada, Yasushi. Some aspects of 
many- Progr. Theoret. Phys. Suppl. No. 
15 (1960), 61-139. 

In this review article the following topics are dis- 
cussed : time-dependent and time-independent perturba- 
tion theory, paying special attention to the volume and 
density dependence of the various terms ; the elimination 
of unlinked clusters; the second quantisation formalism 
of perturbation theory ; the Hugenholtz-Pines treatment 
of a boson system; the Van Hove-Hugenholtz treatment 
of perturbation theory, using resolvents; the neutral 
pair, scalar meson theory; the Gell-Mann-Brueckner 
theory of a high-density electron gas; the electron gas of 
intermediate density. D. ter Haar (Oxford) 
8—m.R. 10B 
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10707: 
Wentzel, G. 
120 (1960), 659. 


Anisotropic fermion gas. Phys. Rev. (2) 


10708 : 
Luttinger, J. M. Analytic properties of single-particle 
for many-fermion systems. Phys. Rev. (2) 
121 (1961), 942-949. 

Certain general properties of single-particle propagators 
for a system of interacting fermions are derived. In 
addition, the properties of the proper self-energy part 
G(¢) which were used in previous work on the ground- 
state energy and on the Fermi surface are established. In 
particular, the fact that to all orders of perturbation 
theory in the interaction Im G;(x—i0*) behaves like 
Cx(x —p)? (Cy> 0) for 2 very near p» is proved. 

A. Dalgarno (Belfast) 


10709: 

Luttinger, J. M. Theory of the de Haas-van Alphen 
effect for a system of interacting fermions. Phys. Rev. 
(2) 121 (1961), 1251-1258. 

The de Haas-van Alphen effect for a system of inter- 
acting fermions is investigated. It is shown that, granting 
certain analytic properties (which were used before in 
establishing the existence of a Fermi surface, and which 
have only been established in the sense of perturbation 
theory), it is possible to obtain a simple expression for the 
oscillatory part of the thermodynamic potential. In par- 
ticular, one finds that the de Haas-van Alphen oscillations 
have the same amplitude and period as in the usual 
quasi-particle picture, but that the phase is given by a 
more complicated procedure. A. Dalgarno (Belfast) 


10710: 
ges, Leonard. Quantum mechanical three-body prob- 
lem. II. Phys. Rev. (2) 121 (1961), 1744-1757. 

An approximate method is derived to obtain the 
ground-state eigen-function, ‘’, and energy for a system of 
three identical particles interacting through identical 
two-particle attractive central forces. The method consists 
in assuming that Y is of the form ‘Y = ¥(ri2, ps) + ¥(res, p1) + 
~(tsi, p2), where ry=rm—ry, pr=r—d(tyt+te) (64#I# 
ki), and obtaining an integral equation for the Fourier 
transform of ¥%. This integral equation is then solved 
approximately. 

The various approximations involved are discussed and 
the solution obtained for the case of an exponential 
interparticle potential is compared, favorably, with solu- 
tions obtained by other authors ; the relation between this 
paper and an earlier one by the same author in Phys. 
Rev. (2) 115 (1959), 1643-1655 [MR 21 #7038] is also 
discussed. D. ter Haar (Oxford) 


10711: 

Rockmore, Ronald M. Inertial moment of large many- 
fermion with repulsive interactions. Phys. Rev. 
(2) 120 (1960), 1933-1942. 

Author’s summary: “The interaction effects on the 
moment of inertia of a large many-body fermion system 
moving under periodic boundary conditions have been 
explicitly derived in the second order of particle-particle 
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coupling for the case of nonsingular repulsive interparticle 
forces. The derivation is facilitated by the use of a new 
Hamiltonian constructed by canonical transformation. 
This transformation is determined by requiring that it 
remove the compensating effects of pair excitation and 
that the new interaction operators of first and second 
order in the cranking field be also of first order in particle- 
particle coupling. A graphical analysis is presented in 
which those classes of diagrams which yield corrections 
vanishing relative to the rigid moment in the limit L—oo 
are distinguished. Some remarks on the related problem 
of diamagnetism are made. The possible application of the 
method of canonical transformation to related many-body 
problems is indicated.” E. J. Verboven (Utrecht) 


10712: 

Abe, Ryuzo. Ground state energy of Bose particle 
system. Progr. Theoret. Phys. 20 (1958), 785-797. 

The low-density expansion of the ground-state energy of 
a system of bosons with repulsive interactions is obtained 
by summing appropriate sets of terms in the standard 
perturbation series. The sums are simpler if the scattering 
matrix for two particles rather than the potential is 
given, and some examples are worked out. The relation 
between this method, the pseudopotential method, and 
the method of Brueckner and Sawada is discussed. There 
is a brief discussion of the problems that arise when the 
interaction is attractive. D. J. Thouless (Birmingham) 


10713: 

Nakamura, Ki-ichi. Cluster expansion technique in 
the many-fermion systems. I. Progr. Theoret. Phys. 24 
(1960), 1195-1214. 

The author describes the mathematical formalism of the 
cluster-expansion method in the case of a many-fermion 
system with singular potentials. This is a development of 
the theory of two-body interaction, given by him in a 
former paper [Progr. Theoret. Phys. 21 (1959), 713-726; 
MR 21 #5472]. The energy expectation value is expressed 
in terms of complex cluster integrals, where by a complex 
assembly of fermions (81, 82, ---, 8n) is meant a system 
consisting of s; groups of 2 particles, s2 of 4, 83 of 6, etc., 
all represented by ring cluster wave functions with inter- 
action terms. The formalism is analogous to a similar 
expansion technique in the theory of an imperfect classical 
gas of multicomponents. 

A. H. Klotz (Newcastle-upon-Tyne) 


10714: 

Prange, Richard E. The moment of inertia of large 
superfluid fermion systems. Nuclear Phys. 22 (1961), 
283-300. 

The theory of systems of interacting fermions has 
developed in two different directions in recent years. In 
the theory of electron gases in metals, and the theory of 
nuclear structure, use has been made of the Schrédinger 
equation and its solutions in terms of the space and time 
variables of the particles. However, in the theory of 
(infinite) many-body systems, primary use has been made 
of the momentum-space representation. The author’s aim 
is to correlate these two points of view. In particular, he 
tries so to interpret the many-body theory that it will 
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yield a valid formulation of the concept of moment of 
inertia. 

The argument is constructive, rather than deductive, 
since the aim is to search for a proper formulation of the 
theory. The primary technique is to enclose the system in 
an external container which can be subjected to rotational 
motion. The guiding physical idea is that the rotation can 
excite some modes of motion of the system which will 
correspond to macroscopic fluid motions which exhibit 
a moment of inertia. One wishes to identify the appropri- 
ate coordinates for the description of these motions. 

The author discusses various formal problems which 
arise in the application of perturbation techniques to this 
model (cranking model). His general conclusion is that 
irrotational flow motions should be most easily excited in 
infinite systems, but that this does not apply directly to 
systems as small as atomic nuclei. 

{The mathematical problem underlying this paper is an 
important one, even though it is not clearly formulated 
as such by the author. If it were the case that both 
versions of the theory were based on the L-space on 
which von Neumann’s theory of quantum mechanics is 
constructed, they would be related to each other as 
Fourier transforms. In principle, an interpretation of the 
moment of inertia should then follow from a transforma- 
tion from the momentum space basis to one of angular 
momentum states. However, in fact, neither form of the 
theory is carried out within the confines of a recognizable 
Hilbert space, separable or non-separable. Hence there is 
no @ priori reason, save that of physical intuition, why 
they should yield equivalent mathematical results. The 
author’s expression of concern over the boundary condi- 
tions to be used for the external container only serves to 
emphasize this fact.} E. L. Hill (Minneapolis, Minn.) 


10715: 

Dabrowski, J. Scattering of particles on heavy nuclei 
and the nucleon-nucleon correlations. Physica 26 (1960), 
supplement, § 155-S 161. 

The effect of nucleon-nucleon correlation in a nucleus 
is discussed for (I) the optical model for nucleon-nucleus 
scattering, and (II) the inelastic scattering of electrons 
on nuclei. It is concluded that the effects are small in case 
(I). In case (II), an outline of some work of Czyz and 
Gottfried (to be published) is given. 

J. L. Gammel (Los Alamos, N.M.) 


10716: 

Katz, Amnon. On a modified Bethe-Goldstone equa- 
tion. Nuclear Phys. 18 (1960), 177-195. 

This paper concerns itself with the localizable solutions 
of the Bethe-Goldstone equation [Bethe and Goldstone, 
Proc. Roy. Soc. Ser. A 238 (1957), 551-567 ; MR 20 #7544) 
discovered by Cooper [Phys. Rev. (2) 104 (1956), 1189- 
1190]. As is now well known, the Cooper effect means that 
perturbation theory, which underlies the BG equation, is 
completely inadequate when the interactions are attractive 
near the Fermi surface. The paper under review rescues 
the BG equation by modifying the BG projection operator 
(one outside and zero inside the Fermi surface). The new 
projection operator is forced to be compatible with the 
smeared momentum distribution in a self-consistent 
fashion, and the results of Bardeen, Cooper, and Schrieffer 
are then retrieved. K. Gottfried (Cambridge, Mass.) 
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10717: 

Miller, Piotr B. Frequency-dependent Hall effect in 
normal and ing metals. Phys. Rev. (2) 121 
(1961), 435-450. 


A detailed theory is given of the transverse Hall currents 
in normal and superconducting metals, using the theory of 
Bardeen, Cooper, and Schrieffer for the latter case. Un- 
fortunately, the experiments on the superconducting Hall 
effect have been done for the case opposite to the one 
treated here, so that the results are not directly com- 
parable. It may however be that the reduction in Hall 
current found for the transverse case carries over to the 
longitudinal, giving a qualitative explanation of the 
previous experimental results. The microwave Kerr 
rotation is discussed as a test for the non-local Hall current 
in a normal metal. Zi. W. Lewis (Madison, Wis.) 


10718: 

Gupta, K. K.; Mathur, V. 8S. ic field de 
of energy gap in superconductors. Phys. Rev. (2) 121 
(1961), 107-117. 

The quantum-mechanical theory of the superconducting 
state as proposed by J. Bardeen, L. Cooper, and J. 
Schrieffer [Phys. Rev. (2) 108 (1957), 1175-1204; MR 20 
#2196] implies the existence of a finite gap in the electronic 
energy spectrum just above the ground state. In the 
presence of an external magnetic field the width of this 
gap should decrease with increasing field strength until it 
disappears at the critical field which destroys the super- 
conducting state. Experiments designed to test the 
behavior of the energy gap by microwave and infrared 
absorption in thin films have failed to verify this 
expectation. 

The authors examine the theory of the effect on the 
basis of the Bardeen, Cooper, Schrieffer theory, as modified 
by N. Bogolyubov [Z. Eksper. Teoret. Fiz. 84 (1958), 
58-65, 73-79 ; MR 20 #5670a, c] to eliminate the effects of 
“dangerous graphs” as a first step. The calculation is 
lengthy, and too intricate to be perspicuous, but makes use 
only of standard methods of second quantization theory. 
Coulomb interactions among the electrons and the effects 
of finite temperature are not included. A major deduction 
from the calculation is that there is an optimum film 
thickness (~ 10-5 cm) for observation of the effect, and 
that in the experiments performed heretofore the films 
were either too thick or too thin. 

E. L. Hill (Minneapolis, Minn.) 


10719: 

Glassgold, A. E.; Sessler, A. M. Flow properties of 
superfluid of fermions. Nuovo Cimento (10) 19 
(1961), 723-737. (Italian summary) 

Authors’ summary: “The non-spherically symmetric 
solutions to the Bardeen-Cooper-Schrieffer theory are 
given a physical interpretation in terms of an anisotropic 
fluid model. . . . An investigation of the flow properties of 
such systems is made that involves the calculation of the 
effective mass for flow in a straight channel and the 
moment of inertia of a cylindrical container of the liquid. 
The angular dependent energy gap, characteristic of this 
type of theory, leads to an effective mass for flow that 
depends on the angle between the axis of symmetry of 
the fluid and the direction of flow. The effective mass for 
flow vanishes as the absolute temperature tends to zero, 
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although not as rapidly as for a spherically symmetric 
gap. The moment of inertia, when the symmetry direction 
for the fluid and the rotation axis are the same, is sim 

related to the mass for flow.” 2.J. Verboven (Utrecht) 


10720: 

Mendelssohn, K. %Cryophysics. Interscience Tracts 
on Physics and Astronomy, No. 7. Interscience Pub- 
lishers, New York-London, 1960. viii + 183 pp. (4 plates) 
Paperbound : $2.50; cloth: $4.50. 

This book gives a brief account of the main features of 
low-temperature physics. Short chapters on cryogenics, 
thermometry, specific heats, magnetism, and transport 
phenomena are followed by longer chapters on super- 
conductivity and liquid helium. A final chapter deals with 
a number of isolated topics. The physical principles 
involved are displayed clearly and economically, without 
detailed discussion of experimental techniques or of 
theoretical refinements. In a few places the simplicity of 
the presentation gives an unbalanced picture of the 
subject; recent advances in the microscopic theory of 
superconductivity are dismissed too readily. This is a 
useful book for finding out wi:at low-temperature physics 
is, but the lack of unity of the subject prevents such a 
short book from containing more than a sketch of any one 


topic. D. J. Thouless (Birmingham) 
RELATIVITY 
See also 10768. 

10721: 


Boas, Mary L. Apparent shape of large objects at 
relativistic speeds. Amer. J. Phys. 29 (1961), 283-286. 
The author re-establishes by elementary arguments two 
results of R. Penrose [Proc. Cambridge Philos. Soc. 55 
(1959), 137-139; MR 20 #6305], namely, that a sphere 
always presents a circular outline to the eye, and that 
straight lines appear circular or straight. 
W. Rindler (Ithaca, N.Y.) 


10722: 

Schild, A. On the radiation emitted by an accelerated 
point charge. J. Math. Anal. Appi. 1 (1960), 127-131. 

“It is the purpose of this note to give a clear and 
complete argument for the relativistic character of the 
energy and momentum radiated by a single accelerated 
point charge.” This is done by establishing the fact that 
the integral of the energy-momentum density tensor over 
any appropriate 3-surface is independent of the shape of 
the surface. The integral formula for calculating the 
components of the resulting 4-vector is then rederived. 

R. D. Kodis (Providence, R.I.) 


10723: 
Landsberg, P. T. The relativistic theory of the Fresnel 
drag coefficient. Nature 189 (1961), 654. 


10724: 
Webster, David L. Relativity of moving circuits and 

magnets. Amer. J. Phys. 29 (1961), 262-268. 
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Attention is drawn to the role played by the relativistic 
charges in determining the electric fields of moving circuits 
and magnets. It is suggested that the incorrect assumption 
that these charges are always negligibly small when 
v2/c2 <1, may be the reason for the persistence in element- 
ary textbooks of traditional rules which are contrary to 
special relativity. C. Gilbert (Newcastle-upon-Tyne) 


10725: 

Rund, H. ics of particles with internal “spin’’. 
Ann. Physik (7) 7 (1961), 17-27. 

A formal theory of a particle having internal degrees of 
freedom (spin) is developed, in the sense of relativistic 
Lagrangian mechanics. Using the Minkowski coordinates 
(zl=2z, z*=y, x*=z, x4=ict) in space-time, derivatives 
x’t =dz'/dr are defined with respect to a general parameter 
7 measuring position on the world-line of the particle. 
In the presence of an external electromagnetic field 
defined by the potential functions A‘, the Lagrangian 
function is 


Lat, x") = Lo(z*, x’*) +5 Atz't, 


where the Lagrangian function of the free particle is taken 
to be 
Lo = —[ko+kig(a’*)( —2’ta’s)1/2, 


Here ko and k; are constants, while g(x’*) is a homogeneous 
function of degree zero in the z’*. 

Various conditions for the function g(x’*) are considered 
and it is shown that by proper choice of this function 
several special models of particles having internal angular 
momentum can be reproduced. The equations of motion 
in Lagrangian and Hamiltonian form are discussed. The 
corresponding Hamilton-Jacobi theory and the process 
of quantization of the equations of motion are to be 
discussed in a later publication. 

E. L. Hill (Minneapolis, Minn.) 


10726: 

Tyagaraja Rao, 8. A technique for eliminating the 
variation of mass with velocity in relativistic problems. 
Nuovo Cimento (10) 16 (1960), 274-282. (Italian sum- 
mary) 

The dynamical equations governing the motion of a 
charged particle in an e.m. field are shown to take a 
particularly simple form when the proper time parameter 
is used. This property was previously noticed by P. G. 
Bergmann [Introduction to the theory of relativity, Prentice- 
Hall, New York, 1942; MR 4, 55; p. 119]. 

C. Gilbert (Newcastle-upon-Tyne) 


10727: 

Weber, J. «General relativity and gravitational waves. 
Interscience Tracts on Physics and Astronomy, No. 10. 
Interscience Publishers, New York-London, 1961. viii+ 
200 pp. $4.50. 

The purpose of this interesting book is to give a concise, 
but very up-to-date, introduction to the theory of general 
relativity. Although the author says in the introduction 
that this tract serves as a text for his relativity course, it 
is difficult to envisage that the book could be adopted, in 
general, as a textbook. On the other hand, it will prove 
extremely useful as a guide to lecturers who want to 
modernize the conventional texts; and, together with 
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other more elaborate treatises, the present volume will 
be cf great help to those advanced graduate students and 
research workers who wish to acquire a reliable working 
knowledge of the theory. The style and exposition, 
although often terse, is clear and precise. A brief but 
well-chosen set of exercises completes the text. A delight- 
ful feature of the book are the ‘‘mottos” preceding every 
chapter. 

After an exposition of the fundamental principles and 
guiding ideas, the notions and methods of Riemannian 
geometry are presented. The gravitational field equations 
and electromagnetism in curved space are discussed 
briefly, and the three crucial tests of the theory are 
presented. The conservation laws are given an adequate 
treatment. The next two chapters, occupying a third of 
the entire volume, are devoted to the theory of gravita- 
tional waves and to the problems of their generation and 
detection. This is the most unique feature of the book. 
The concluding chapter (about 20% of the tract) briefly 
discusses interesting selected topics, such as unified field 
theories, the equations of motion, Mach’s principle, 
cosmology, Hamiltonian formulation and quantization of 
general relativity. Each chapter contains a well chosen 
list of references. P. Roman (Boston, Mass.) 


10728: 

Arnowitt, R.; Deser, S.; Misner, C. W. Wave zone in 
general relativity. Phys. Rev. (2) 121 (1961), 1556-1566, 

From the authors’ summary: “It is shown that in 
general relativity a ‘wave zone’ may be defined for 
systems which are asymptotically flat. In this region, 
gravitational radiation propagates freely, independent of 
its interior sources, and obeys the superposition principle. 
The independent dynamical variables of the full theory 
which describe the radiation are shown to be coordinate 
invariant in the wave zone and to satisfy the linearized 
theory’s equations there. Thus, the basic properties of 
free waves in linear field theories (e.g., electrodynamics) 
are reproduced for the gravitational case. True waves are 
also clearly distinguished from so-called ‘coordinate 
waves’. Reduction to asymptotic form (taking leading 
powers of l/r) is not identical to linearization since, for 
example, the Newtonian-like 1/r part of the metric begins 
quadratically in the linear theory’s variables. The 
Poynting vector of the full theory, which measures energy 
flux in the wave zone, is correspondingly shown to be 
given by the linearized theory’s formula. This Poynting 
vector is also shown to be coordinate-invariant in the 
wave zone. All the physical quantities may therefore be 
evaluated in any frame becoming rectangular sufficiently 
rapidly. A brief discussion of measurements of the 
canonical variables in the wave zone is given.” 

The authors employ their canonical formalism [Phys. 
Rev. (2) 117 (1960), 1595-1602; MR 22 #4505b]. They 
examine the relation between their approach to gravita- 
tional radiation and those of Pirani [ibid. 105 (1957), 
1089-1099; MR 20 #3020] and Trautman [Bull. Acad. 
Polon. Sci. Sér. Sci. Math. Astr. Phys. 6 (1958), 407-412; 
MR 20 #3736). P. W. Higgs (Edinburgh) 


10729: ‘ 
Schiff, L. I. On experimental tests of the general 
theory of relativity. Amer. J. Phys. 28 (1960), 340-343. 
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L’auteur calcule la déviation vers le rouge et la courbure 
des rayons lumineux en reliant temps et longueurs aux 
différents points d’un champ de gravitation a l’aide du 
principe d’équivalence et de la relativité restreinte. Seul 
des “trois tests cruciaux” l’avance du périhélie de 
Mercure est donc une vérification expérimentale de la 
relativité générale. L’auteur estime que pour avoir des 
résultats expérimentaux sur terre ou sur satellite faisant 
intervenir effectivement les équations du champ et les 
équations du mouvement de cette théorie a l’approxima- 
tion post-newtonienne il faudrait des horloges précises & 
1/1018 prés. Y. Bruhat (Paris) 


10730: 

Bondi, H.; McCrea, W. H. Energy transfer by gravita- 
tion in Newtonian Proc. Cambridge Philos. Soc. 
56 (1960), 410-413. 

The problem is considered as to whether, in accordance 
with Newtonian theory, energy can be transferred from 
one system to another across empty space by gravitational 
interaction alone. Familiar examples of apparent energy 
transfer by this means do not give an unambiguous answer 
since they involve some net: change of gravitational 
potential energy and this is not localized in the theory. 
Two examples are given here of systems in which the 
potential energy is the same at the beginning and end of 
an operation that does produce a resultant energy transfer. 
The establishment of this result is significant as a 
preliminary to the discussion of energy transfer according 
to general relativity theory. The appendix gives a particu- 
lar illustration of one of the examples that admits exact 
mathematical treatment. =D .W. Sciama (Ithaca, N.Y.) 


10731: 

Bonnor, W. B. The field of an electric current in 
general relativity. Proc. Phys. Soc. 76 (1960), 891-899. 

An exact axisymmetric static solution of the Einstein- 
Maxwell equations, representing a circular current loop 
with its magnetic field, is sought. Unfortunately, a 
simplifying assumption which renders the equations 
tractable also introduces a discontinuity on the plane 
disc bounded by the loop. This discontinuity is interpreted 
as a surface distribution of mass (the Schwarzschild mass 
of the whole system is zero). 

A method for approximate solution, without the 
simplifying assumption, and without the singularity, is 
indicated, and initial steps are carried out. Comparison 
of the linear approximation with ordinary (non-gravita- 
tional) Maxwell theory indicates that in this case the 
Schwarzschild mass is twice the magnetic energy. 

F. A. E. Pirani (London) 


10732: 

Debever, Robert. Espaces-temps du type III de Petrov. 
C. R. Acad. Sci, Paris 251 (1960), 1352-1353. 

The author studies metrics of the form 


dg? = e%(dx,? + dxg*) + 2dx4(dx; +Cdzxa), 


where « is a function of ze, x3, x4 and C is a function of 
all four variables. Equations for this metric to represent, 
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pure gravitational field are derived. Solutions are ob- 
tained which generalise previously known ones. 
W. B. Bonnor (London) 


10733: 

Raychaudhuri, Amal Kumar. Static electromagnetic 
fields in general relativity. Ann. Physics 11 (1960), 501- 
509. ; 

The author examines static electromagnetic fields, 
using Rainich’s formulation of the Einstein-Maxwell 
theory. Solutions are given for the case where the field 
depends on only one variable, and these are related to 
solutions discovered by other workers. 

: W. B. Bonnor (London) 


10734: 

Lenoir, Marcel. Les équations du mouvement en 
théorie du champ unifié. Cahiers de Phys. 14 (1960), 331- 
339. 

In the non-symmetric unified field theory, equations of 
motion containing the Coulomb force can be obtained 
provided one allows the electric field of a charged particle 
to contain a term independent of distance. This has been 
shown by Clauser [Atti Accad. Naz. Lincei. Rend. Cl. Sci. 
Fis. Mat. Nat. (8) 21 (1956), 408-416; MR 19, 1021], by 
Treder [Ann. Physik (6) 19 (1956), 369-380; MR 19, 816], 
and by Papapetrou [Ann. Inst. H. Poincaré 15 (1957), 
173-203 ; MR 19, 1020}. 

The author reviews this work, and concludes that the 
results are physically unsatisfactory. 

W. B. Bonnor (London) 


10735: 

Vaidya, P.C. Unified gravitational and electromagnetic 
waves. Progr. Theoret. Phys. 25 (1961), 305-314. 

Several classes of solutions, representing plane electro- 
magnetic waves accompanied by gravitational waves, are 
obtained for the non-symmetric unified field theory. 

The solutions also satisfy the modified field equations 
given by Hlavaty [Geometry of Hinstein’s wnified field 
theory, Noordhoff, Groningen, 1957; MR 20 #5067}. 

W. B. Bonnor (London) 


10736: 

Nariai, Hidekazu; Ueno, Yoshio. On some peculiar 
role of the cosmological constant in the general theory of 
relativity and in the Schrédinger of non-symmetric 
field. Progr. Theoret. Phys. 24 (1960), 1149-1165. 

The field equations Ryu = Agu admit a solution 


ds? = db? — exp (2t/a)dr? — a?(d6? + sin? 6d¢?), 


where a is a constant such that Aa?=1. 

The relation of this to a solution of the Einstein- 
Maxwell equations given by Bertotti [Phys. Rev. (2) 116 
(1959), 1331-1333; MR 22 #1401] is discussed. It is then 
shown that there exists in the non-symmetric unified field 
theory a solution which combines the peculiarities of 
both the above solutions. W. B. Bonnor (London) 


10737: 
Kulhaének, J. On the Hamilton formalism in space- 
time. Nuovo Cimento (10) 16 (1960), 1092-1097. (Italian 
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Puting H =(g.ep*p*)'/2, the author considers the equa- 
tions of motion for a test particle in the Hamiltonian form. 
For the electromagnetic field he puts H =(g,,II«I1*)!/2, 
where (in the usual notation) Il*«= p*—eA-. 

L. Infeld (Warsaw) 


10738 : 
Bouche, Liane. Identités de conservation dans une 
théorie du type Einstein-Schrédinger. C. R. Acad. Sci. 


Paris 250 (1960), 3784-3785. 
Taking 


2 
ag" + Tig + lpg? = - 5 8h +3 9° Onl" 


which is one of the equations of the so-called more 
general theory, obtained by a variational principle, 
applying an identity in curvature tensors obtained by 
E. Cartan and the integrability conditions of the above 
equations obtained by Schrédinger and Bose, the author 
has deduced by direct computation the generalised con- 
servation identities on the lines of 8S. Mavridés [same 
©. R. 244 (1957), 2482-2484; MR 19, 509]. 

R. 8S. Mishra (Gorakhpur) 


10739: 

Surin, Aline. Sur les équations de mouvement en 
théorie de Jordan-Thiry, par la méthode du tenseur 
impulsion-énergie. C. R. Acad. Sci. Paris 250 (1960), 
1805-1807. 

L’auteur forme en premiére approximation (cas quasi 
galilién) les équations du mouvement d’un point d’une 
matiére pure continue chargée en théorie unitaire de 
Jordan-Thiry, puis les équations du mouvement des 
centres de gravité de N corps dans le cas ou ils présentent 
la symétrie sphérique et une densité de masse et de charge 
constante {l’hypothése de symétrie sphérique est d’ailleurs 
inutile, les équations (3) sont valables sans elle, remarque 
du reviewer}. L’auteur en déduit les équations du mouve- 
ment de N masses ponctuelles, retrouvant ainsi les résultats 
déja obtenus par elle par la méthode des singularités. 

Y. Fourés-Bruhat (Paris) 


10740: 

Dirac, P. A. M. A reformulation of the Born-Infeld 
electrodynamics. Proc. Roy. Soc. London. Ser. A 257 
(1960), 32-43. 

In this non-linear electrodynamics the Maxwell-La- 
grangian density P2=-}f,,f” is replaced by 2= 
—{1+bfuf—(tfuf*)}/2 [M. Born and L. Infeld, 
same Proc. 144 (1934), 425-451]. Born and Infeld showed 
that the total energy around a classical point charge, 
calculated from this new Lagrangian, is finite. 

In the paper under review, the equations of motion of a 
charged classical particle in a Born-Infeld field are 
derived from an action principle and the Lorentz equa- 
tions are found as a first approximation (known result, 
derived by a new method). 

Then a Hamiltonian formulation is derived by applica- 
tion of the author’s general method [Canad. J. Math. 2 
(1950), 129-148; Proc. Roy. Soc. London Ser. A 246 
(1958), 326-332; MR 18, 306; 20 #724]. The constraints 
¢n=0 are exhibited in detail for the case of non-electro- 
magnetic mass #0. However, in attempting quantization 
the author was unable to arrange the non-commuting 
factors in the ¢’s in such a way that the operator equations 


1824 
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¢on'‘¥ =0 would be consistent with one another, i.e., in 
such a way that [¢n, dm]=>x Cnmede, with coefficients 
Cnmx all on the left of the corresponding ¢’s. He concludes 
that “the Born-Infeld electrodynamics is completely 
satisfactory in the classical theory ... but... cannot be 
quantized with the present rules of quantization, even in 
the absence of charges’’. F. A. EB. Pirani (London) 
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10741: 

van der Waerden, B. L. Secular terms and fluctuations 
in the motions of the sun and the moon. Astronom. J. 66 
(1961), 138-147. 

The problem of evaluating the secular accelerations in 
the mean longitudes of the sun and moon is complicated 
by the fact that these mean longitudes contain fluctuation 
terms, ascribed to random changes in the rate of rotation 
of the earth. In previous discussions empirical procedures 
were used ; in particular the method of least squares was 
applied without regard to the fact that values of the 
fluctuation B, even at intervals of many years, are highly 
correlated. For example, between values 20 years apart 
van Woerkom [same J. 58 (1953), 10-20; MR 15, 45] finds 
for the correlation coefficient 0.831. In order to set the 
stage for a rigorous probabilistic analysis, the author 
introduces the assumption that in addition to a constant 
couple K due to the tides, there act on the mantle of the 
earth two couples, K; and Ke. The former is proportional 
to the difference Q —w, in which w is the variable angular 
velocity of the mantle, while Q is defined by M=CQ, M 
being the angular momentum, C the moment of inertia 
of the whole earth. The couple Kz is assumed to be a 
random variable, (7'). These assumptions permit the 
derivation of a differential equation for o(7')=Q —w with 
the solution 


p= 9o- |" WUT —Norre at, 


c and g being constants. 

The remainder of the article is concerned with the 
discussion of the observational data on the basis of this 
theoretical result. For the evaluation of the secular 
accelerations—the coefficients 7’? in the mean longitudes— 
it is important to have reliable ancient residuals. The 
author chooses three ancient observations which he 
considers more reliable than any others, subjects these 
to a new discussion, and derives a value for the fluctuation 
at their weighted mean date, —386. In the final section 
the effect of atmospheric tides and a comparison with 
Jeffreys’ theoreticai ratio of the acceleration coefficients 
in the motions of the sun and the moon are considered. 

D. Brouwer (New Haven, Conn.) 


10742: 

Wilkens, Alexander. Zur Theorie nahezu kommen- 

surabler Bewegungen im System der Planetoiden des 
Bayer. Akad. Wiss. Math.-Nat. KI]. 8.-B. 
1959, 61-101 (1960). 

Consider the circular restricted three body problem, 
i.e., assume that (i) Jupiter J describes a circle about the 
central body, and (ii) a planetoid P of negligible mass 
moves in the plane of motion of J. Further assume that 
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the ratio of the mean motions n and n’ of P and J is 
nearly equal to (p+ 2): p, the numbers p+ 2 and p being 
relatively prime positive integers. 

The basis for the discussion is the expansion of the 
corresponding perturbation function R. Because of the 
nearly commensurable ratio of the mean motions of P 
and J long periodic terms (up to the second degree 
inclusive in the eccentricity e of P) as well as secular 
terms are taken into account while short periodic terms 
are neglected. Of all the critical terms (due to the assumed 
commensurability of the mean motions) only those are 
retained in R which contain under the sign of cosine the 
critical argument { = ( p + 2)l’ — pl— 2 but not its multiples. 
Here l’ and 1 denote the mean longitudes of J and P 
respectively, and & is the longitude of the perihelion of P. 

Under the above assumptions the existence of two 
integrals is shown, and the solution of the problem is 
reduced to quadratures. Application is made to the Hestia 
type of asteroids corresponding to the case p=1. 

E. Leimanis (Vancouver, B.C.) 


10743: 

Lynden-Bell, D. Can spherical clusters rotate? 
Monthly Not. Roy. Astronom. Soc. 120 (1960), 204-213. 

Soit un systéme de n points matériels, de méme masse, 
plongés dans un champ newtonien de potentiel V. Soit f 
la fonction de fréquence, c’est-d-dire, la densité de la 
distribution des positions et des vitesses. Soit p la fonction 
de densité des positions, c’est-a-dire, la distribution 
marginale obtenue en intégrant f par rapport aux 3 
composantes de la vitesse. Nous dirons que le systéme est 
stationnaire si f ne depend pas du temps; qu'il est 
autonome si le potentiel V est lié & p par |’équation de 
Poisson ; qu’il est de configuration sphérique si p est une 
fonction & symétrie sphérique (p= p(+/(z? + y? + z?))). 

Ceci dit, auteur pose le probléme suivant. Soit un 
systéme autonome ; ayant 4 |’instant initial une configura- 
tion sphérique. Peut on choisir la fonction f de sorte que 
le systéme soit stationnaire, donc qu’il reste sphérique? 

Les solutions connues du probléme sont dies a Jeans 
qui a utilisé un théoréme de Poincaré. Elles définissent un 
systéme dont la rotation moyenne est nulle. L’auteur 
construit une solution plus générale dont la rotation 
moyenne n’est pas nulle. Il montre que les solutions de 
Jeans correspondent a l’hypothése restrictive que la 
fonction f posséde la symétrie sphérique, alors que cette 
condition est imposée seulement a la fonction p, marginale 
de f. 

Ce travail intéressant du point de vue mathématique 
est également d’une grande portée en astronomie ; l’auteur 
en fait l’application au systéme des amas globulaires. On 
appelle ainsi le systéme formé par une centaine d’objets 
(ce sont des amas d’etoiles) dont les positions dessonent 
un halo sphérique concentrique au disque galactique. Le 
disque tourne mais on admet que le halo ne tourne pas 
(précisément parce qu’il n’est pas aplati) et qu’il permet 
de définir un systéme de référence absolu, done de 
mesurer la vitesse absolue de rotation du disque au 
voisinage du soleil. L’auteur a démontré que cette affirma- 
tion découle d’une application incorrecte du théoréme 
de Jeans-Poincaré. F.. Nahon (Marseille) 


10744: 
Rauch, L. M.; Riddell, W.C. The iterative solutions of 
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the analytical N-body problem. J. Soc. Indust. Appl. 
Math. 8 (1960), 568-581. 

The authors restrict themselves to the analytic case of 
the N-body problem, i.e., when the solutions are regular 
in the region under consideration. 

First, the differential equations of motion are regularized 
by the Sundman and Levi-Civita transformation. Second- 
ly, the regularized system of equations is transformed into 
an iterative system for which a non-recursive set of 
iterative solutions is derived. Finally, it is shown that in 
a specified region the sequence of iterative solutions con- 
verges to the analytic solution of the regularized equations. 
In the explicit formulation of the iterative process use is 
made of Steffensen’s technique and its extension to the 
N-body problem. 

{There are several misprints.} 

E. Leimanis (Vancouver, B.C.) 





10745: 

Vernié Radovan. Die Lésung des Mehrkérperproblems. 
Rad Jugoslav. Akad. Znan. Umjet. 314. Odjel Mat. Fiz. 
Tehn. Nauke 7, 111-186 (1959). (1 insert) (Croatian 
and German) 

This paper is identical to a paper already reviewed in 
MR 21 #622b. E. Leimanis (Vancouver, B.C.) 


10746: 

Vernié, Radovan. Kritische Betrachtungen iiber die 
Zusammenstésse im Mehrk Rad Jugoslav. 
Akad. Znan. Umjet. 314. Odjel Mat. Fiz. Tehn. Nauke 
7, 5-85 (1959). (Croatian and German) 

This paper is identical to a paper already reviewed in 
MR 21 #622a. : E. Leimanis (Vancouver, B.C.) 


10747: 

Grémillard, Jean. Sur I’ ion de certaines solu- 
tions périodiques de troisitme sorte du des trois 
corps. C. R. Acad. Sci. Paris 251 (1960), 2121-2123. 

With reference to a previous note [same C. R. 244 (1957), 
1011-1014 ; MR 18, 857] the author continues to investigate 
the existence of periodic solutions of the third kind in the 
three-body problem. The elements of the orbits being 
determined by a system of four equations in five variables, 
it is shown that when two certain Hessians vanish 
simultaneously, four of the variables are algebroidal of 
an odd degree in terms of the fifth (the “oblique” variable). 
This fact proves the existence of the above solutions. 

E. Leimanis (Vancouver, B.C.) 


10748: 

Chiara, Luciano. Limiti superiori della variazione 
dell’eccentricité nei sistemi binari di massa decrescente. 
Atti Accad. Naz. Lincei. Rend. Cl. Sci. Fis. Mat. Nat. (8) 
24 (1958), 704-708. 

Consider a binary system of decreasing mass m, and let 
us study the variation of the eccentricity ¢ of the relative 
osculating orbit. The author shows that if the motion is 
regulated by a law of emission which implies the relation 
3—w=v=const, where w is the anomaly of the periaster 
and v the true anomaly, then in a lapse of time during 
which the ratio Am/m (Am being the decrement of m) 
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remains much smaller than unity (the so-called astro- 
nomical case) the eccentricity e remains practically 
invariant and almost zero [cf. also #10749]. 

E. Leimanis (Vancouver, B.C.) 


10749: 

Chiara, Luciano. Limiti superiori della variazione 
dell’eccentricita nei sistemi binari di massa decrescente. 
Il. Atti Accad. Naz. Lincei. Rend. Cl. Sci. Fis. Mat. Nat. 
(8) 26 (1959), 506-510. 

This is a continuation of an earlier paper by the author 
[#10748]. It is shown that (i) if the corpuscular emission 
in the binary system proceeds according to the law of 
Eddington-Jeans-Fesenkov, —m=Am", A and h being 
constants, then in the so-called astronomical case the 
total variation of the eccentricity during as many periods as 
one wishes is smaller than 5m/am, 5m being the maximum 
decrease of the mass in a single period ; (ii) in order that 
during the above time interval the eccentricity remains 
practically invariant it is necessary and sufficient that 
in every period the Fourier expansion of K(Z)= —m/m* 
(Z denoting the eccentric anomaly) does not contain the 
coefficient a. E. Leimanis (Vancouver, B.C.) 


10750: 

Wen, William Li-Shu. A study of cotangential, ellip- 
tical transfer orbits in space flight. J. Aerospace Sci. 28 
(1961), a4". 

The author determines suitable cotangential, elliptical 
transfer oan between a given pair of coplanar terminal 
orbits in a space flight. These terminal orbits may both 
be ellipses or one may be an ellipse and the other a 
hyperbola. They may intersect with each other or make 
no contact. It is found that there are many such transfer 
ellipses possible between a given pair of terminal orbits. 

Y. Kozai (Cambridge, Mass.) 


10751: 

Izsak, Imre G. On satellite orbits with very small 
eccentricities. Astronom. J. 66 (1961), 129-131. 

On the basis of the author’s solutions of the satellite 
motion around the earth which has Vinti’s potential, the 
satellite orbit with a very small eccentricity is investigated. 

Graphs illustrating the variations of the radius vector 
as functions of the true anomaly are given. 

Y. Kozai (Cambridge, Mass.) 


10752: 

Struble, Raimond A. The of the orbits of 
artificial satellites. Arch. Rational Mech. Anal. 7 (1961), 
87-104. 


The author derives analytical expressions to compute 
the orbits of the artificial satellites as functions of an 
angular variable. He pays much attention to the case of 
the critical inclination. Y. Kozai (Cambridge, Mass.) 


10753: 

Diliberto, 8. P.; Kyner, W. T.; Freund, R. B. The 
application of periodic surface theory to the study of 
satellite orbits. Astronom. J. 66 (1961), 118-128. 

The authors apply the theory of periodic surfaces to 
the problem of determining the drag-free orbits of 
satellites around an oblate earth. 
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The equations of motion of a satellite around a 
spherical earth define a two-dimensional torus in the 
four-dimensional phase space. The authors assume that a 
nested complete family of surfaces of period two exists 
when the oblate parameter is not zero. 

The approximations to the periodic surfaces and the 
approximations on the surfaces are also derived. The 
formulas giving the approximate solutions are tested 
numerically. Y. Kozai (Cambridge, Mass.) 


10754: 

Ehricke, Krafft A. Cislunar orbits. Proc. Sympos. 
Appl. Math., Vol. 9, pp. 48-74. American Mathematical 
Society, Providence, R.I., 1959. 

The author defines the cislunar space as the region in 
the Earth-Moon space where particle orbits are determined 
essentially by the fields of Earth, Moon and Sun, con- 
sidered as mass points. Having in mind the astronautical 
applications of cislunar orbits he then discusses the basic 
characteristics of periodic particle motion in the vicinity 
of the libration points (following Hill, Darwin, Poincaré 
and others) and the general characteristics of motion. 
This discussion is followed by some numerical evaluations 
for the Earth-Moon system, and a discussion of the effect 
of the Sun on a particle moving in cislunar space. 

B. Leimanis (Vancouver, B.C.) 


10755: 

Mace, David; Thomas, L.H. An extrapolation formula 
for stepping the calculation of the orbit of an artificial 
satellite several revolutions ahead at a time. Astronom. 
J. 65 (1960), 300-303. 

The paper is concerned with the numerical integration 
of the equations of motion of an artificial satellite over 
many revolutions. The method presented avoids the 
necessity of making step-by-step integrations of every 
revolution. This is accomplished by introducing a system- 
atic scheme for extrapolation from node to node, which 
results in a considerable saving of computing time. 

Let d*r/dt? =f be the equations of motion. By a standard 
numerical integration method with At as a step, we may 
have the increment of r for the interval At, 


mn t+Ae 
Ar = ff fdt = x. 
t 
Let 


(2) At = nAt 


be a new longer step adopted; then if Ar stands for the 
increment for the interval At, we have 


(1) 


dr 
aT 


= lim S = r=, 


n> @ 


(3) 


(4) 


The integration procedure then consists of two cycles, 
a short cycle (1) and a long cycle (4). The short cycle 
integration is needed only at the beginning of the long 
cycle, and this situation reduces the labor of calculation 
to 1/n. The relation (3) requires n large, while convergence 
of the difference table for the long-cycle integration 


t+At 
Ar -{ x aT. 
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requires n small. A proper value of » depends on the 
characteristics of problems. The method is effective when 
the motion integrated is nearly periodic ; At may be chosen 
close to the period of a revolution. 

A modified Adam-Bashforth extrapolation formula is 
derived for the purpose of the long-cycle integration. A 
numerical example is given where At is an approximation 
to the period of a revolution and n is five. 

{Erratum : In the differential equations at the bottom 
of page 300, the symbols Z,, Hy, HZ, should be replaced 
by Ex, Ey, Ez.} G. Hori (New Haven, Conn.) 


10756 : 

Kahn, F. D. Star formation—a general survey. Proc. 
Roy. Soc. London. Ser. A 260 (1961), 147-151. 

A mathematical survey. W. B..Bonnor (London) 


10757: 

Ambartsumian, V. A. On the evolution of stellar 
systems. Quart. J. Roy. Astronom. Soc. 1, 152-163 
(1960). (1 plate) 

In this George Darwin Lecture for 1960, the author 
outlines his views on various problems connected with the 
evolution of stellar systems. These views are not supported 
by systematic discussion ; for this the reader will have to 
refer to the author’s technical publications. But the 
lecture gives a useful summary of the present opinions of 
Russia’s leading astronomer on a variety of current 
problems arising in the study of galactic structure. 

D. W. Sciama (Ithaca, N.Y.) 


10758: 

Ueno, Sueo. On the principle of invariance in a semi- 
infinite i atmosphere. Progr. Theoret. 
Phys. 24 (1960), 734-740. 

The author uses the functional equation technique of 
invariant imbedding [R. Bellman and R. Kalaba, Proc. 
Nat. Acad. Sci. U.S.A. 42 (1956), 629-632; MR 18, 705) 
to obtain an equation for the intensity of diffusely 
reflected radiation from a semi-infinite atmosphere of 
arbitrary stratification. The results are extensions of 
those obtained by Ambarzumian and Chandrasekhar, and 
were obtained by Sobolev and Ueno previously in different 
ways. R. E. Bellman (Santa Monica, Calif.) 


10759: 

Anselone, Philip M. Convergence of the Wick-Chan- 
drasekhar in radiative transfer. 
Astrophys. J. 128 (1958), 124-129. 

In this paper the convergence of the Wick-Chandra- 
sekhar approximations for the specific and mean intensities 
in a semi-infinite, plane-parallel, isotropically scattering 
atmosphere with no incident radiation and constant net 
flux is discussed. In the limiting process as the order m 
tends to infinity, allowing for the Schwarzschild-Milne 
integral equation for the classical transfer problem, it is 
shown that the m-solutions which are derived by means 
of either the Gauss or the “double Gauss” quadrature 
formula converge uniformly to the corresponding exact 
solutions for 0S7<# and —1<p<1, where the optical 
depth ¢ is arbitrary. S. Ueno (Santa Monica, Calif.) 
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10760: 
Anselone, Philip M. Convergence of the Wick-Chan- 


drasekhar approximation technique in radiative transfer. 
Il. Astrophys. J. 130 (1959), 881-883. 

On extending the proof of the convergence of the Wick- 
Chandrasekhar approximations for the specific and mean 
intensities in the restricted Milne problem in a preceding 
paper of the author [#10759], the restriction on the optical 
depth ¢ for the uniform convergence of the above 
approximations is removed. 

S. Ueno (Santa Monica, Calif.) 


10761: 

van de Hulst, H. C.; ; Davis, M. M. A multiple scattering 
problem with an phase function. Nederl. 
Akad. Wetensch. Proc. Ser. B 64 (1961), 220-227. 

In this paper the angular distribution of radiation in a 
plane-parallel, finite homogeneous atmosphere with a 
strongly anisotropic scattering is computed by summing 
the contributions from each successive scattering process. 
With the aid of the flexible form of the non-spherical 
indicatrix of scattering introduced by Henyey and 
Greenstein the source function is calculated. The three 
examples of numerical results are shown with an accuracy 
of about one per cent. S. Ueno (Santa Monica, Calif.) 


10762: 

Przybylski, Antoni. On the mean absorption coefficient 
in the computation of model stellar atmospheres of solar 
type stars. Monthly Not. Roy. Astronom. Soc. 120 
(1960), 3-21. 

A summary is given of the variety of proposed mean 
absorption coefficients. Numerical examples are provided 
for the case of a model solar atmosphere. These should 
be of use in selecting a best mean absorption coefficient 
for a given purpose. E. A. Spiegel (New York) 


10763: 

Biberman, L. M.; Veklenko, B. A. Generalized reci- 
procity principle. Z. Eksper. Teoret. Fiz. 39 (1960), 88- 
93 (Russian. English summary); translated as Soviet 
Physics. JETP 12 (1961), 64-68. 

Authors’ summary: “Relations are derived for the 
generalized reciprocity principle (GRP) in the case when 
the radiation frequency changes during the transfer 
process. The limits of validity of the GRP a are determined. 
The connection between the GRP and the concept of 
thermodynamic equilibrium is establish 


10764: 
Lyttleton, R. A.; Bondi, H. On the physical conse- 
quences of a excess of Proc. Roy. Soc. 


London. Ser. A 252 (1959), 313-333. 

It is pointed out that a charge difference between 
proton and electron of magnitude about 10-1*, would 
have important cosmological implications. In particular 
it could provide a theoretical model of a steady-state 
universe. The creation of matter in this model requires 
that charge be not conserved; accordingly, Maxwell’s 
equations are modified by the addition of terms depending 
explicitly on the vector potential. These additional terms 
also contribute to the energy-momentum tensor of the 
electromagnetic field and provide an explanation for the 


1827 
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stress tensor adopted by McCrea [same Proc. 206 (1951), 
562-575; MR 12, 866] in his formulation of the steady 
state theory. 

An alternative possibility is mentioned, namely, that 
the charges of proton and electron have precisely equal 
magnitude, and that there is a fractional excess of protons 
over electrons of about 10-18. 

D. W. Sciama (Ithaca, N.Y.) 


10765: 

Hoyle, F. On possible consequences of a variability of 
the elementary charge. Proc. Roy. Soc. London. Ser. A 
257 (1960), 431-442. 

The cosmological effects of a slight difference of charge 
between the proton and electron are considered. It is 
shown that in order to obtain a steady-state solution of 
the cosmological equations the terms by which Maxwell’s 
equations are modified must be of an opposite sign to 
that considered recently by Lyttleton and Bondi [#10764]. 
The change of sign has the effect of altering the Coulomb 
law of force between charges at large distances apart, in 
such a way that unlike charges repel while like charges 
attract. 

In the steady-state solution the mean spatial density 
of matter is such that the electrostatic potential is of an 
opposite sign to that which would be given by Coulomb’s 
law. In this situation the charges are in fact attractive, 
not repulsive as considered by Lyttleton and Bondi. 

The effect of creation of matter in pairs is considered. 
It appears that the change of Coulomb’s law might be 
used to separate matter and anti-matter. The process of 
separation produces an electric current, leading to the 
existence of an intergalactic magnetic field. 

D. W. Sciama (Ithaca, N.Y.) 


10766: 

Lyttleton, R. A.; Bondi, H. Note on the preceding 
paper. Proc. Roy. Soc. London. Ser. A 257 (1960), 442- 
444, 


The error in sign pointed out by Hoyle in the preceding 
paper [#10765] is corrected. The resulting changes are 
quite minor and, in the opinion of the authors, lead to 
more acceptable values for the quantities involved. 

D. W. Sciama (Ithaca, N.Y.) 


10767: 
Lifsic, E. M.; Halatnikov, 1. M. On the singularities of 
solutions of the gravitational equations. I. 
Z. Eksper. Teoret. Fiz. 39 (1960), 149-157 (Russian. 
English summary); translated as Soviet Physics. JETP 
12 (1961), 108-113. 

Authors’ summary: “We formulate an analytic in- 
vestigation of the general properties of the cosmological 
solutions of the gravitational equations near a time singu- 
larity. One particular class of solutions is found to be 
a generalization of the familiar solution corresponding 
to a homogeneous and isotropic world. A general solution 
is derived for the case of a centrally symmetric distribution 
of matter, and its extension to a broader class of solutions 
is presented.” W. B. Bonnor (London) 


10768: 
Roman, P. On the -state theory of cosmology. 
Nuovo Cimento (10) 18 (1960), 9-20. (Italian summary) 
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Experimental discovery of the expansion of the universe 
about 30 years ago has led to a proliferation of cosmo- 
logical theories. The interest has centered around the 
question whether the observed expansion represents a 
monotone development of the universe from birth to 
death, a particular stage of an ultimately oscillatory 
motion, or a steady-state development. The so-called 
steady-state theory assumes that the latter condition is 
made tenable through a continual creation of matter. The 
author attempts to justify this apparent controversion of 
the principle of conservation of energy by showing that 
such an effect can be imitated in mathematical models 
based on the general theory of relativity. That is, that 
one can establish models whose properties are time- 
independent but which yet show creation of energy. 

The geometrical space-time manifold is identified as a 
“substratum” in which the matter of the universe is 
embedded. The dynamical properties of the substratum 
are assumed to be defined by an appropriate Lagrangian 
function. A theorem developed by F. Klein and E. Noether 
(Noether’s theorem) is used to establish the energy law 
associated with this Lagrangian function. The energy 
law is found to be not quite of the usual form, the differ- 
ence being attributed to energy conservation. This 
argument is developed to lead to an interpretation of the 
properties of the substratum. 

{The author does not attempt to explain the nature of 
his considerations in physical terms. It seems to the 
reviewer that the theory rests on the following circum- 
stance. In theories of the type considered in classical 
physics and the special theory of relativity, space-time is 
only a neutral background in terms of which the theory is 
formulated. In particular, the conservation laws are 
properties of the physical fields which exist in space- 
time, but do not involve the properties of space-time as 
a dynamical entity. Conversely, in the general theory of 
relativity the space-time manifold itself acquires a 
dynamical significance, while the conservation laws are 
only tensor laws, and not the strict conservation pro- 
perties encountered in classical theories. It is not 
surprising, therefore, that the substratum, as defined by 
the author, can play the role of a source or sink of energy. 
While the author throws out hints in this direction at 
several points in his paper, he does not give the reader 
any guiding insight concerning the distinct meanings 
attached to conservation laws in the special and the 
general theories of relativity.} 

E. L. Hill (Minneapolis, Minn.) 


10769 : 

Hoyle, F. Observational tests in cosmology. Proc. 
Phys. Soc. 77 (1961), 1-16. 

In this 44th Guthrie Lecture, Hoyle discusses the 
present status of the whole range of observational tests 
in cosmology. He concludes that neither the evolutionary 
nor the steady-state models of the universe can be rejected 
on the present evidence. 

Some recent developments in cosmology mentioned by 
Hoyle are the following : 

1, By introducing rotation into the universe Heckmann 
and Schiicking have constructed an oscillating model 
which contains no singularities. 

2. Hoyle and Pryce have developed a field-theoretical 
formulation of the steady-state model using an action 
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principle for a scalar field coupled to the gravitational 
field. 

3. The ages of the oldest stars in the galaxy may be as 
high as 2-101° years. This is about twice as great as the 
current value of the Hubble constant. Hoyle feels that 
the present value of the Hubble constant is near the 
correct value, since it implies that similar types of 
galaxies have about the same size. 

4. Morgan’s views on the evolution of galaxies fit well 
into the steady-state scheme for the age distribution of 
galaxies. 

5. Measures of angular diameters of radio sources as a 
function of apparent brightness may resolve the cosmo- 
logical problem. 

6. If the universe is in a steady state and the created 
matter is in the form of neutrons, the kinetic energy of 
neutron decay leads to an intergalactic temperature of 
about 10®°°K. This hot universe might be the origin 
of several phenomena such as the highest energy cosmic 
rays, the relativistic electrons in cosmic radio sources, 
and even the galaxies themselves. 

D. W. Sciama (Ithaca, N.Y.) 


10770: 

Fialko, E. I. The dependence of the mean hourly rates 
of recorded meteors on the parameters of meteoroids, the 
atmosphere, and the radar system. Astronom. Z. 37 
(1960), 753-763 (Russian) ; translated as Soviet Astronom. 
AJ 4 (1961), 711-721. 

The author has extended the theory developed in the 
years 1951 through 1954 by D. W. R. McKinley, T. R. 
Kaiser, and others in order to take care for accidental 
detection of meteors and for the minimum period the 
echo must exceed the threshold of the detection system. 
The paper assumes that the electron density of the trails 
varies only as a result of diffusion; thus recombination 
and attachment are not considered. In consequence, there- 
of, the paper gives no altitude correction. It is left open 
whether this latter effect might become more important 
than the other corrections given. The paper discusses in 
detail: the relation between the mass of the meteoroid 
and the electron line density in the trail, the echo signal 
power and reflection duration, the minimum electron line 
density for accidental and reliable recording of meteors, 
and the minimum masses of meteoroids which produce 
accidentally and reliably detected trails. The paper ends 
with an equation for the number of meteors detected 
reliably from stable or unstable trails. 

P. R. Arendt (Elberon, N.J.) 


10771: 

Al’pert, Ya. L. Investigation of the ionosphere and of 
the interplanetary gas with the aid of artificial satellites 
and space rockets. Uspehi Fiz. Nauk 71 (1960), 369-409 
(Russian) ; translated as Soviet Physics. Uspekhi 3 (1961), 
479-503. 

The paper is in its main parts a review of the work of 
U.S. and Western scientists which is related to the 
corresponding papers of Russian origin. The paper deals 
with rocket and satellite data, with the Doppler effect and 
the Faraday effect; refraction effects are also mentioned 
as well as plasma perturbations. Frequency scintillations 
are only indirectly mentioned as “‘spatial’’ modulation of 
the Doppler shift. Perturbations of the regular cycle of 
polarization fading are used to estimate the dimensions 
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of ionospheric inhomogeneities. A longer discussion is 
devoted to the scattering of radio signals (in the 25 to 
100 Mc range) from satellite trails. The great variation of 
the experimental data in this latter field is explained by a 
rarified region behind the satellite ; an equation for back- 
ward scattering cross section is given. The ion probe 
methods are mentioned but not treated in detail. In 
summary, an interesting review. 

P. R. Arendt (Elberon, N.J.) 


10772: 

Nagashima, K.; Potnis, V. R.; Pomerantz, M. A. 
Theoretical calculation of the solar diurnal variation of 
the cosmic ray intensity. Nuovo Cimento (10) 19 (1961), 
292-330. (Italian summary) 

The authors formulate an expression for the anisotropy 
of the primary cosmic ray intensity and calculate the 
expected solar diurnal variation of the intensity of the 
nucleonic component of the cosmic radiation at sea level. 
The calculations are performed at various geomagnetic 
latitudes and longitudes and for the cases of extra- 
terrestrial origin and terrestrial origin. 

H. Messel (Sydney) 


GEOPHYSICS 
See also 10469. 


10773: 

Chappelear, J. E. Direct numerical calculation of wave 
properties. J. Geophys. Res. 66 (1961), 501-508. 

The abstract of the paper describes it quite well. It is 
given below: 

“Abstract: A numerical method for the calculation of 
wave properties is presented. It involves expanding the 
velocity components and the equation of the profile in 
Fourier series and determining the Fourier coefficients 
numerically by the method of least squares from the 
Bernoulli equation and from the equation insuring that 
the particle motion at the surface matches the profile 
motion. An iterative procedure is used, since the velocity 
coefficients depend upon the profile coefficients, and vice 
versa. The calculations seem always to converge to an 
answer, although slowly. To judge the accuracy obtained, 
a comparison has been made with the Stokes waves. In 
every case the direct method is less in error.” 

This paper is one of the few published attempts to 
break away from the concept of solving nonlinear equa- 
tions “in the neighborhood of a point” by “power series” 
concepts. Here an attempt is made to get a “global” fit 
by a least-squares determination of the series coefficients 
instead of by getting successive higher-order terms one at 
a time. The concepts involved are quite interesting. 

W. J. Pierson, Jr. (New York) 


10774: 

Stewart, R. W. The wave drag of wind over water. 
J. Fluid Mech. 10 (1961), 189-194. 

A compilation of experimental data suggests that for a 
considerable time after the onset of wind, the ratio M/tu? 
is approximately constant (M = wave momentum, ¢ = wind 
duration, w= wind velocity). The quantity M/tu%p (p=air 
density) has the nature of a drag coefficient and is of the 
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same order as the total drag coefficient for the wind over 
waves. The author argues that a considerable fraction of 
the momentum transferred to the water surface therefore 
appears directly as wave momentum, and that below the 
critical layer (where u=c, the wave phase speed) the 
turbulence is responsible for only part of the transfer of 
tangential stress. One consequence is that the velocity 
profile may not be logarithmic below the critical layer, the 
mean velocity gradient being less than the value expected 
over a solid surface with the same total stress. The 
interesting ideas presented in this paper are a challenge 
to more detailed experimental and theoretical investiga- 
tion. O. M. Phillips (Cambridge, England) 


10775: 

Wiin-Nielsen, A. A note on the behavior of very long 
waves in simple baroclinic models. J. Meteorol. 18 
(1961), 204-207. 

Author’s summary: “The behavior of very long waves 
in a two-parameter model with no divergence in the mean 
flow has been investigated. It is found that the tempera- 
ture field and the pressure field move almost independently 
of each other. The pressure field will retrograde with a 
speed comparable to the Rossby speed for non-divergent 
waves, while the temperature field progresses slowly. As a 
result, the latter field will precede the pressure field after 
a while, verifying an earlier observation in these forecasts. 
Introducing a divergence in the vertical mean flow not 
only greatly reduces the retrogression, but a stronger 
coupling then exists between the temperature and pressure 
fields.” 


10776: 

Wood, Charles P. A note on multiple-regression 
equations. J. Meteorol. 18 (1961), 109-111. 

Meteorologists have found that one possible way to 
predict a meteorological element is to find a predictor by 
screening techniques that is highly correlated to it and 
form a regression equation. The prediction error is then 
predicted by some other predictor to form a second 
equation, and this process is repeated until either the class 
of available predictors yields no further improvement or 
instability in the process becomes evident. This paper 
develops a way to terminate the process by finding out 
when the addition of another predictor will not signifi- 
cantly improve the prediction. Also a procedure for 
deciding upon several different possible forms of the 
prediction equation, in terms of what data to use, is 
given. Finally, the error in an optimum forecast due to 
observational errors in the original data is found. 

W.J. Pierson, Jr. (New York) 


10777: 

Déds, Bo R. The scale of non-adiabatic heating as a 
factor in is. J. Meteorol. 18 (1961), 1-8. 

The effect of heating over areas of varying sizes near 
the surface of the earth is an important problem in 
meteorology as it is part of the explanation of preferred 
areas of cyclogenesis and of other meteorological features. 
If a column of air is at rest, heating near the surface 
produces inward flow at the surface and outward flow 
aloft with cyclonic motion at the surface. This paper 
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makes these considerations quantitative for different size 
areas and amounts of heating, thus giving an idea of their 
importance. 

In actuality, the effects studied in this paper are usually 
masked by the initial motions of the atmosphere. As the 
author states, his results suffer ‘from a number of more- 
or-less severe approximations. These are, however, 
difficult to remove unless we make use of numerical 
methods to integrate the equations.” Fortunately, this 
may soon be possible, and this paper serves to show that 
non-adiabatic heating can indeed be a factor in cyclo- 
genesis. W. J. Pierson, Jr. (New York) 


10778: 

Willmore, P. L.; Bancroft, A. M. The time term 
approach to refraction seismology. Geophys. J. 3 (1960), 
419-432. 

It has been known that in a seismic field survey, each 
location used is subject to a time term due to the local 
layers overlying the high-speed layer in which the wave 
travels most of the distance from shot point to seismo- 
graph. These terms vary rather irregularly from one 
location to another, and thus cause, at some spacings, the 
loss of a substantial part of one degree of freedom per 
location. The authors discuss the corollaries of this 
situation with regard to the advantages of multiple 
utilization of the locations. In addition they describe 
data-processing procedures to obviate the need for laying 
out the stations in a particular pattern, and for the 
delineation of sloping and curved structures. They also 
note the need for a more sophisticated error theory. The 
sampling theorem could be used here. 

A. Blake (Framingham, Mass.) 


10779: 

Meidav, Tsvi. Nomograms to speed up seismic refrac- 
tion computations. Geophysics 25 (1960), 1035-1053. 

Author’s summary: “Nomographic solutions of a 
number of equations commonly employed in seismic 
refraction work are presented. The equations solved are: 
(1) Depth to a second layer, by means of the critical 
distance formula. (2) The critical angle and offset distance 
formulas. (3) True velocity of bedrock from the apparent 
up- and down-dip velocities. (4) Depth to a second layer 
by means of the intercept-time formula. This last solution 
is also applied to finding (a) the throw of a fault and 
(b) depth to an irregular second layer at each seismo- 
meter beyond the critical distance. Geometry of each of 
the nomograms is explained. Procedure for using each of 
the nomograms is described.”’ 


10780: 

Levallois, J.J. Sur une équation intégrale trés générale 
de la gravimétrie. Bull. Géodésique (N.S.) No. 50 (1958), 
36-49. 

The problem of determining the shape of an equi- 
potential surface of the earth (the geoid), given the normal 
derivatives (the gravity) on it, has been solved by Stokes 
as long ago as 1849, in the assumption that the surface 
is not very much different from a sphere. Since gravity is 
not measured on any equipotential surface, but on the 
actual surface of the physical earth, attempts have been 
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made to improve Stokes’ method in order to solve the 
more general problem of the actual case, thus avoiding 
fictitious reductions to the geoid of the observed values of 
gravity. Contributions to the solution of this problem by 
Dini (1871), Pizzetti (1911), Idelson and Malkin (1931 and 
1935), Jeffreys (1931 and 1932), Koschliakow (1933), 
Moissejew (1934), De Graaff Hunter (1934) are essential 
in this respect. More recently De Graaff Hunter (1957), 
Bragatd (1958), Molodenski (1958), Levallois (1958), 
Bjerhammar (1959) and Hirvonen (1959) have specially 
devoted their attention to the general problem of Stokes, 
by using the method of integral equations. 

In this paper the author derives the fundamental 
integral equation of physical geodesy, giving the answer 
to the problem in an extremely simple and perspicuous 
way. A. Marussi (Trieste) 


10781: 

Bragard, Lucien. Recherches sur le géoide. Mem. 
Soc. Roy. Sei. Liége (15) 1 (1958), 7-204. 

In the usual treatment the Stokes’ problem of deter- 

the shape of the geoid from gravity data on it is 
solved without taking into account the distribution of 
densities in the interior. Stokes’ formula has furthermore 
only been proved to the first approximation by Stokes in 
1849 and to the second by De Graaff Hunter in 1934. An 
attempt is made here to improve the formula to a higher 
order of approximation and to avoid the conditions—not 
necessarily satisfied in the actual geodetic problem—that 
the volumes and center of mass of the geoid and of the 
reference body coincide. 

The author extensively uses developments in series of 
spherical harmonics, for which convergence conditions are 
accurately determined ; and draws a series of consequences 
from the established theory. A. Marussi (Trieste) 


10782: 

Roy, A.; Jain, 8. a a a 
its applications to some in geophysical inter- 
pretation. Geophysics 26 (1961), 229-241. 

Maps of magnetic and gravitational anomalies as well 
as potential data obtained in a geophysical survey give 
the values of a function of two variables F(z, y) at points 
with cartesian coordinates z and y. In general, the problem 
of quantitative interpretation of these field values, that 
is, a correct localization in depth and in projection on the 
observation plane of anomalous masses—cause of mapped 
anomalies—is a difficult one. 

This paper proves that in many cases it is possible to 
simplify and facilitate the quantitative analysis of mapped 
data by computing first the integrals G(x) =f.” F(z, t)dt 
and H(y)=f_.” F(t, y)dt and then interpreting the curves 
(profiles) £=G(x) and »=H(y). 

Many interesting examples studied in detail in this 
paper show that this approach to the interpretation 
problem is especially advantageous for tectonic phenomena 
oriented in a certain direction (strike) such as, for instance, 
line source of finite length or two media of different 
electrical resistivity in contact along an inclined interface 
plane. The numerical accuracy obtained in this 


method is due probably to the smoothing effect of the 
integration on random or observation errors 


B. Kogbetliantz (New York) 
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10783 : 

Caputo, Michele. Su alcuni problemi al contorno della 
teoria delle tazioni conformi. Ist. Veneto Sci. 
Lett. Arti. Atti Cl. Sci. Mat. Nat. 115 (1956/57), 9-21 
(1957). 

The scale factor (satisfying the Souslow equation with 
given boundary conditions) in a conformal representation 
of a surface of revolution on the plane is given; the 
correspondence between associated points on the two 
surfaces is sought. 

The problem is solved by integrating the Riemann- 
Cauchy equations, taking into account the Souslow 
equation and its boundary conditions. Special attention 
is devoted to the case in which the boundary is given by 
a meridian, and to the case in which the scale factor is 
given on a meridian and its normal derivative or a 
parallel. A. Marussi (Trieste) 


10784: 

Térezy-Hornoch, A.; Szédeczky-Kardoss, Gy. Uber 
die Umrechnung der Gauss-Kriiger Koordinaten von einem 
Streifen in den anderen mit mehreren 
Acta Tech. Acad. Sci. Hungar. 30 (1960), 259-312. 
(English, French, and Russian summaries) 

The transverse Mercator conformal coordinate system 
originally devised but not published by C. F. Gause for 
the General Staff of the Hanoverian Army was published 
from computer’s notes found in Hanover by Prussian 
Captain Oskar Schreiber, and later amplified by L. Kriiger; 
it has since been widely adopted. The axis of this system 
of ground coordinates is a geographical meridian ; in order 
that the inevitable distortions of the system may be kept 
small, new coordinate systems are provided at intervals 
of a few degrees of longitude. 

The transformation of the coordinates of one system 
into those of another is a conformal transformation and 
has been treated by power series methods by W. K. 
Hristow. In the paper under review it is found more 
economical in practice, however, to compute by devices 
originally worked out for the calculation of geodetic lines 
between surveyed points. Starting with a set of junction 
points known in both systems, a new point may be con- 
verted by obtaining the direction and distance to one of 
the junction points. To a first approximation, direction 
and distance are obtained by plane formulas; corrections 
are then applied for length by an expansion whose first 
term is based on the metric tensor, and for direction by 
expansions based on derivatives of the components of 
the metric tensor. When length and direction have been 
obtained in this way in the first system, they are re- 
converted into coordinate differences in the second system 
by reversing the above. The method has the advantage 
over power series methods that it involves tables already 
calculated. 

Since tables have been constructed for the calculation 
of triangles which are known either from their lengths 
only, or from a base and two angles, it is possible, by 
using two junction points, to avoid either the reduction 
of the lengths or the reduction of the directions from their 
values on the plane to their values on the ground (but not 
both). It is found most economical, by numerical calcula- 
tion, to proceed by the use of lengths only, from two 
points, and to check by the use of a third line from a third 
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junction point. Graphs are provided showing the precision 
of the first approximation to the coordinate differences. 
J. A. O'Keefe (Chevy Chase, Md.) 


10785: 

Szddeczky-Kardoss, Gy. Uber eine raschere Berech- 
nungsmethode der Lingenverzerrungen bei den Gauss- 
Kriiger Koordinaten. Acta Tech. Acad. Sci. Hungar. 30 
(1960), 313-317. (English, French, and Russian sum- 
maries) 

The scale-ratio between coordinate systems in two over- 
lapping Gauss-Kriiger belts is approximated by a quadratic 
in the coordinate differences. 

J. A. O’ Keefe (Chevy Chase, Md.) 


10786: 

Inghilleri, Giuseppe. Triangolazione aerea analitica con 
dati ausiliari. Atti Accad. Naz. Lincei. Rend. Cl. Sci. 
Fis. Mat. Nat. (8) 26 (1959), 210-220. 


10787: 
Bjerhammar, Arne. On the principal geometrical 
problems of Kungl. Tekn. Hégsk. Hand. 


Stockholm No. 170 (1961), 19 pp. 

Unter Zugrundelegung eines Rotationsellipsoides als 
Bezugsfliche fiir die Erde werden mit Hilfe von Vektor- 
operationen und in Matrizen-Schreibweise die folgenden 
Aufgaben gelist : Beschreibung von Tangente und Normale 
in einem beliebigen Ellipsoidpunkt, sowie des Azimutes 
fiir einen Normalschnitt und fiir die Verbindungsgerade 
zweier ausserhalb des LEllipsoides gelegener Punkte, 
zuziiglich ihres riumlichen Abstandes ; Vorwartseinschnitt 
auf dem Ellipsoid fiir einen Punkt von bekannter Hohe 
tiber dem Ellipsoid, die entsprechende Koordinaten- 
Ubertragung und Bogenschnitt (= Trilateration) fiir einen 
solchen Punkt. H. Wolf (Bonn) 


OPERATIONS RESEARCH, ECONOMETRICS, GAMES 
See also A9960, 10111, 10159, 10160, 10851. 


10788: 

Tintner, Gerhard. %Handbuch der Okonometrie. 
Enzyklopidie der Rechts- und Staatswissenschaft. 
Springer-Verlag, Berlin-Géttingen-Heidelberg, 1960. xi 
+328 pp. DM 48.00. 

Modern econometrics is summarized in seven chapters 
under three . I. Introduction and econometric 
models (165 pp.) ; II. Mathematical tools and computation 
techniques (38 pp.) ; III. Statistical treatment of economic 
equation systems: Ch. 5, Correlation and regression 
(21 pp.) ; Ch. 6, Systems of econometric equations (47 pp.) ; 
Ch. 7, Some applications of time series analysis (45 pp.). 
Appended are statistical tables (9 pp.) and name and 
subject indexes. As compared with the author’s text-book 
in English [Zconometrics, Wiley, New York, 1952] the 
treatment of econometric models in Chs. 2 and 6 has been 
considerably expanded, whereas the reverse is true for 
the theoretical foundations of time series analysis. 

The author’s extensive knowledge in the wide field of 
econometrics is reflected in the review in Ch. 2 (102 PP-) 
of principal approaches and typical empirical results in 
demand analysis, production and cost analysis, input- 
output analysis and other main areas of model building. 


OPERATIONS RESEARCH, ECONOMETRICS, GAMES 









Here the title “handbook”’ is to the point. Less solid by 
and large is the treatment of foundations, but here again 
the exposition is in line with the present position of 
econometrics as a highly theoretical superstructure with 
a somewhat shaky basis. Economic theory usually formu- 
lates its models as being exact (disturbance free), and 
when econometricians add stochastic residuals to the 
model this makes a radical generalization that has 
important implications for the statistical estimation 
techniques; at a deeper level, the generalization has 
implications for the fundamental modes of inference 
from the model, and in particular—as has been emphasized 
by the reviewer—for the causal interpretation of the model 
and its operative use in applied work. A basic problem is 
whether prediction from the model will generalize from 
exact prediction to prediction in terms of conditional 
expectations. For the rationale of multirelation models, 
so much discussed in the 1940’s and 1950's, this last 
question is crucial. {Since the author makes generous 
reference to the reviewer’s work in this area, the reviewer 
would like to quote from recent studies that there are 
striking differences between recursive systems and inter- 
dependent systems when it comes to prediction in terms 
of conditional expectations [H. Wold, #10793].} 


H. Wold (Uppsala) 


10789: 

Klein, L. R.; Ball, R. J.; Hazlewood, A.; Vandome, P. 
%An econometric model of the United Insti- 
tute of Statistics Monograph No. 6. Basil Blackwell, 
Oxford, 1961. xii+312 pp. 60s. 

In recent years comprehensive econometric models have 
been constructed for various countries, but the present 
book exhibits the first such model for the United Kingdom. 
The model consists of a number of equations between a 
corresponding number of endogenous variables. In addi- 
tion, the equation system contains a very large number of 
“independent”, or exogenous, variables. The problem 
consists in estimating unknown parameters by means of 
actual observations and in calculating forecast values of 
the endogenous variables for given values of the exogenous 
variables. Quarterly data are used in order to bring out 
short-run details of the British economy and, also, in 
order to obtain a better utilization of available data. 

The use of quarterly data raises special problems of a 
mathematical-statistical nature, in addition to the many 
problems of this kind that always present themselves in 
dealing with a many-equations model. The authors 
demonstrate a very clear understanding of these problems. 
The mathematical-statistical sections are well formulated 
from a pedagogical point of view, making the book 
readable also for people who are not advanced specialists 
in this field. 

The reliability of statistical estimates is studied by 
means of available standard test formulas. The final 
value of these tests is, however, somewhat difficult to 
assess, because of the long and complicated trial-and-error 
process followed in arriving at the system of equations 
finally chosen. T.. Haavelmo (Oslo) 


10790: 

Blau, Julian H. The existence of social welfare func- 
tions. Econometrica 25 (1957), 302-313. 

The author corrects the statement of the reviewer's 
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[Social choice and individual values, Wiley, New York, 








theorem about the impossibility of social welfare functions 


1951; MR 12, 624]. No difficulty arises if the social welfare 
function is required to aggregate all possible orderings of 
the space of alternatives; then there can be no social 
welfare function (a mapping of n individual orderings into 
a relation) which satisfies the following five conditions 
(stated somewhat loosely): (1) the relation referred to is 
always an ordering; (2) (quasi-monotonicity) an increase 
in preference for one alternative on one or more orderings 
cannot decrease preference on the aggregate ordering ; 
(3) (binary choice) the aggregate preference between two 
alternatives depends only on the individual preferences 
between those two; (4) (citizens’ sovereignty) for any 
two alternatives, there is a set of individual orderings for 
which the aggregate preference will be in any desired 
direction ; (5) (nondictatorship) there is no individual all 
of whose strict preferences are adopted by society. 

The reviewer asserted that the non-existence would 
continue to hold if the range of individual orderings over 
which the social welfare function was defined was restricted 
in any way so long as there remained a free triple, i.e., 
three alternatives for which all individual orderings were 
unrestricted. The author exhibits counter-examples to 
this and allied statements. The problem is that condition 
(5) need not remain valid when the range of alternatives 
is restricted. He then demonstrates that if all triples are 
free, the theorem is valid with a form of (2) and with (4) 
replaced by the rule that if all individual orderings prefer 
one given alternative to another, then so will the aggregate 
ordering. 

He concludes by examining the structure of the proof 
(basically that originally given by the reviewer) and 
greatly clarifying the significance of the individual steps. 

K. J. Arrow (Stanford, Calif.) 


10791: 

Strotz, Robert H.; Wold, H. 0. A. Recursive vs. non- 
recursive systems: an attempt at synthesis. Econo- 
metrica 28 (1960), 417-427. 


10792: 
Strotz, Robert H. Interdependence as a specification 
error. Econometrica 28 (1960), 428-442. 


10793 : 
Wold, H. 0. A. A ion of causal chain 
models. Econometrica 28 (1960), 443-463. 


10794: 

Savage, I. Richard; Deutsch, Karl W. A statistical 
model of the gross is of transaction flows. Econo- 
metrica 28 (1960), 551-572. 


10795 : 
Dorn, W. 8. Self-dual quadratic programs. J. Soc. 
Indust. Appl. Math. 9 (1961), 51-54. 
The notion of duality for a class of quadratic pro- 
ing problems has been discussed by the author 


(Quart. Appl. Math. 18 (1960/61), 155-162; MR 21 #3602] 
and by J. B. Dennis [Mathematical programming and 
electrical networks, Technology Press of M.I.T., Cambridge, 


OPERATIONS RESEARCH, ECONOMETRICS, GAMES 








Mass., 1959; MR 21 #7116). This note presents a class of 
quadratic programming problems that are equivalent to 


their own duals. E. M. L. Beale (London) 
10796: 

Bellman, Richard; Richardson, John M. On the 
application of dynamic programming to a class of implicit 
variational problems. Quart. Appl. Math. 17 (1959), 
231-236. 


The present paper is concerned with a class of implicit 
variational problems. After describing a class of infinite- 
dimensional problems, discretized analogues are formu- 
lated and discussed. The problem of showing that the 
limits of the discrete process exist and yield the con- 
tinuous process is postponed for later consideration. In 
particular, given the difference equation, 7n+1=9(2n, Yn, Tn) 
(zo =C, n=, 1, ---, N), where 2, yn are vectors and r, 
is a random vester with given distributions. Subject to 
some further constraints, the problem is to minimize the 
expected value of some function of the variables. This 
value is a function f(c). Several examples of this type are 
discussed together with the appropriate recursion formula 
for f(c). M. R. Hestenes (Los Angeles, Calif.) 


10797: 

Gill, Arthur. On a class of transportation problems. 
J. Math. and Phys. 39 (1960/61), 76-82. 

This paper deals with planning an optimal route for a 
taxi, which holds at most one customer at a time, to 
carry mn customers from known locations to known 
destinations, with all distances constrained to be integers. 
The travelling salesman problem (not mentioned by the 
author) is equivalent to his except for his integer constraint. 
The n x matrix of distances is not necessarily symmetric. 
The proposed method, given in computer-program form, 
enumerates trial solutions in order of increasing total 
distance until one of them is found which gives a consistent 
route. No attempt is made to estimate how many trial 
solutions must be tested before the solution is obtained, 
but the program is written under the assumption that all 
trial solutions obtained before the solution can be con- 
veniently stored by machine. This would fail to hold 
even for n= 16, if half the customers are in each of two 
small towns which are widely separated from each other, 
and each customer’s destination is in his own town. The 
paper is clearly written and makes several new suggestions 
of practical situations in which solutions to this problem 


could be used. E. F. Moore (Murray Hill, N.J.) 
10798: 
Gill, Arthur. Analysis of nets by numerical methods. 


J. Assoc. Comput. Mach. 7 (1960), 251-254. 

A procedure is described which assigns distinct primes 
to the lines of a directed graph, for the purpose of easy 
identification of its paths and cycles by inspecting 
consecutive powers of the resulting adjacency matrix. 

F. Harary (Ann Arbor, Mich.) 


10799: 
Steinhaus, H. Games. Wiadom. Mat. (2) 3, 107-120 
(1959). (Polish) 


An expository — discussing certain concrete game 
situations. ; T. Bharucha- Reid (Eugene, Ore.) 
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10800 : 

Fox, Martin; Rubin, Herman. Partnership games with 
secret signals prohibited. Michigan Math. J. 8 (1961), 
71-76. 

The authors define an “abstract version of bridge’, a 
two-person game with a finite number of moves, and a 
countable number of “deals”. They show a number of 
properties of this game under different restrictions of 
finiteness and requirements to announce behavioral 
strategies. In particular, it is shown that if all behavioral 
strategies must be announced, then the game is a perfect 
information game, and hence has a value. It is also shown 
that the game has a value if the first player to stop 
announcing behavioral strategies has only a finite number 
of choices at his remaining moves, provided the player is 
reduced to a single agent (e.g., the declarer, after the bid- 
ding is finished). Finally the authors consider several prob- 
lems about the existence of good strategies for these games. 

H. M. Gurk (Princeton, N.J.) 


10801 : 

Robbins, Herbert. Recurrent games and the Peters- 
burg paradox. Ann. Math. Statist. 32 (1961), 187-194. 

Suppose that in a sequence of trials of a certain 
recurrent event 2, the player receives a reward and also 
pays a fee at each occurrence of «. The reward and fee 
are functions of the number of trials since the previous 
occurrence of «. On any trial on which e does not occur 
no money changes hands. Let 7, be the total amount 
received by the player, and U, be the total amount paid 
by the player, during the first » trials. If 27,=HU, for 
all n, the recurrent game is said to be fair. Methods are 
derived for determining whether a game is fair. The 
author derives a schedule of fees which make the classical 
Petersburg game a fair game. In the particular Petersburg 
game where p=}, the player should pay the cumulative 
fee of m(m+1), if there are m runs in n tosses, to make 
the game fair. M. Dresher (Pacific Palisades, Calif.) 


10802: 

Aumann, R. J.; Peleg, B. Von Neumann-Morgenstern 
solutions to co-operative games without side payments. 
Bull. Amer. Math. Soc. 66 (1960), 173-179. 

The author gives an outline, without detailed proofs, of 
a general theory of n-person cooperative games without 
side payments. Roughly, a coalition B is said to be 
effective for a payoff vector z if the members of B, by 
joining forces, can play so that each player i in B receives 
at least z;. Letting V(B) be the set of x for which B is 
effective, the authors shows that V satisfies certain 
properties (e.g., closure, convexity, superadditivity) which 
in turn are used as an axiomatization of a generalized 
characteristic function. He then proceeds to generalize 
and state theorems about such concepts as dominance, 
core, solvability and composition of games. 

H. Raiffa (Cambridge, Mass.) 


BIOLOGY AND SOCIOLOGY 
See also A9501, 10125, 10126. 

10803 : 
Kendall, M. G. Natural law in the social sciences. 
J. Roy. Statist. Soc. Ser. A 124 (1961), 1-16. (1 plate) 





BIOLOGY AND SOCIOLOGY 












Inaugural address of the President of the Royal 
Statistical Society. 


10804 : 
Overall, John E.; Williams, Clyde M. Models for 
medical diagnosis. Behavioral Sci. 6 (1961), 134-141. 


10805 : 
Jardetzky, Oleg; Snell, Fred M. Theoretical analysis of 
transport in living systems. Proc. Nat. Acad. 
Sci. U.S.A. 46 (1960), 616-622 
Starting with a consequence of Curie’s theorem to the 
effect that a chemical transformation can give rise to 
transport processes only if a source and a sink for the 
transported substance exist, the authors derive a method 
for breaking up the total flux between the two parts of a 
two-component system into four components, namely, a 
passive component : 
- 2 AyAE; — 


Jip = 


n 
> viernjA€; ; 
ji 


an active component : 


Jia = — > veednjAny— > AyAn;; 
5k ki j#i 


a binding or storage component : 
diz = Au(Ane +Ani*); 
and a reflux component : 
Jin = —AuAnK. 


The symbol k(i implies that constituent k derives from i. 
The Aé are differences in chemical potential ¢ which are, 
in turn, derived from initial potentials and from the changes 
brought about by transport processes. The A» are calcu- 
lated from the reaction velocities. 

The superscript K refers to reactions leading to the 
formation or decomposition of k derived from i for which 
Jz#9; B to reactions leading to the formation or de- 
composition of 6 containing i, for which J»=0; I to 
remaining reactions, not containing ¢. 

One of the authors was queried about the apparent 
notational discrepancy in the above equations where 
vector quantities on the left are equated to scalar quanti- 
ties on the right. He replied, ‘“Except for the simplification 
which results from considering a two-compartment 
system, our equations would be expressed in gradient 
notation ; e.g., 


Jip = — 3 Ay grad &,— > virAry grad £;. 
7 je 


Their validity does not depend on the simplifications used 
and (in vector form) is not limited to the two-compart- 
ment system.” A. Rapoport (Ann Arbor, Mich.) 


10806 : 
Hudimoto, Hirosi. On a coefficient of unidimensional 

ing for the individuals’ attitudes. Ann. Inst. Statist. 
Math. Tokyo 12 (1960), 27-35. 
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From the author’s summary : “The problem considered 
is that of grading the intensity of an individual’s attitude 
to some object A which may be psychological or socio- 
logical. Suppose that there are m items (71, ---, 7m) 
which characterize A, and we observe responses (ej) of n 
individuals to those items, where ej is one or zero accord- 
ing as the jth individual has a positive or negative attitude 
to the ith item. The grading of the individual’s intensities 
of attitude to A is measured by the score >7., ¢,. The 
adequacy of this procedure is discussed ; a coefficient of 
tendency to the unidimensional ordering is given, and is 
studied when the responses to the different items are 
statistically independent.” J. Olkin (Minneapolis, Minn.) 


10807 : 

Baggaley, Andrew R. Matrix formulation of Deuel’s 
rotational method. Psychometrika 25 (1960), 207-209. 

Deuel [Psychometrika 21 (1956), 291-294; MR 18, 516] 
has derived a rotational method for factor analysis in 
terms of vector algebra. The author translates the 
relationships into Thurstone’s matrix-algebra formulation 
and presents a computational example using Deuel’s 
nomogram. R. L. Anderson (Raleigh, N.C.) 


INFORMATION AND COMMUNICATION THEORY 
See also 10122. 


10808 : 

@aiincreiin, A. (Feinstein, Amiel]. x OcHoBbI TeOpHH 
uugopmaunu. [Foundations of information theory). 
Translated from the English by I. N. Kovalenko and 
E. R. Nickaya; edited by I. I. Gihman. Izdat. Inostr. 
Lit., Moscow, 1960. 140 pp. 7.40r. 

Some brief footnotes by the editor have been added to 
the original (McGraw-Hill, New York, 1958 ; MR 20 #1594). 


10809 : 
Bell, D. A. Information theory and its ineeri 
icati 2nd ed. Sir Isaac Pitman & Sons, Ltd., 
London, 1956. viii+174 pp. 25s. 

The purpose of this volume is to make information 
theory (broadly construed) available to the professional 
engineer with a minimum of advanced mathematics. 
While new chapters on “ ” and “Decoding” have 
been added to the second edition, no satisfactory formula- 
tion of Shannon’s coding theorem is presented. A mathe- 
matician interested in an introduction to that aspect of 
information theory which is now an active field of mathe- 
matical interest will find A. Feinstein, Foundations of 
information theory (McGraw-Hill, New York, 1958; MR 20 
#1594] a much more satisfactory volume. 

S. Sherman (Detroit, Mich.) 


10810: 

Dubois, Philippe. Introduction 4 la théorie de l’infor- 
mation. Mitt. Verein. Schweiz. Versich.-Math. 60 (1960), 
275-292. (German, Italian and English summaries) 
Expository paper. M. P. Schiitzenberger (Paris) 


9—a.n. 108. 
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10811: 

Neidhardt, P. Kritische Betrachtung des NTSC-Farb- 
fernsehsystems vom der Informationstheorie. 
Wiss. Z. Hochschule Elektrotechn. Ilmenau 6 (1960), 55— 
60. (Russian, English and French summaries, unbound 
insert) 


10812: 

Mayeda, Wataru. 
matrices of a communication net. 
(1960), 261-269. 

The nets in question have branches of limited capacity 
for transfer of information. A “terminal capacity” is the 
maximum flow (of information) between a given pair of 
vertices of the net. The terminal capacity matrix is a 
square matrix with entries ty (i, j=1, 2, ---, v) with v 
the total number of net vertices; t is the terminal 
capacity for vertices i and j (the author puts without 
explanation t,=d—d for diagonal, perhaps—although 
the natural value, zero, seems more convenient). The 
branch capacity matrix is of similar character ; the typical 
entry Cy; is the capacity of the branch connecting vertices 
i and j. Given the net, the branch capacity matrix can be 
written down at sight. The principal result is a character- 
ization of the terminal capacity matrix, as follows. A 
four-way partition of a symmetric matrix M, say 
M= ys ma (M,’ is the transpose of M,) is said to be 

e 

a “principal partitioning process” if M, contains only the 
smallest matrix element, excluding elements on the main 
diagonal. (This exclusion would be unnecessary if these 
elements had been taken to be zero.) Then, a matrix is a 
terminal-capacity matrix if it and all subsequent diagonal 
submatrices permit a principal partitioning process. The 
proof uses relations developed by L. R. Ford and D. R. 
Fulkerson [Canad. J. Math. 8 (1956), 399-404; MR 18, 
56] and also provides a net realization in the form of a 
tree. Finally a comparison of the terminal capacity 
matrix, in principal partitioned form, and the branch 
capacity matrix, in detail too elaborate to be given here, 
leads to a realization permitting circuits. 

J. Riordan (New York) 


Terminal and branch capacity 
IRE Trans. CT-7 


10813: 

Heath, F. G.; Gribble, M. W. Chain codes and their 
electronic applications. Proc. Inst. Elec. Engrs. C 108 
(1961), 50-57. 

This paper describes the application of certain types of 
binary digital codes to counting and error detection and 
correction. These codes are distinguished through their 
inherent logical simplicity, thus requiring simpler circuitry 
for their generation than most conventional methods. 

F.. Edelman (Princeton, N.J.) 


10814: 

Huffman, D. A. A linear circuit viewpoint on error- 
correcting codes. Nuovo Cimento (10) 13 (1959), supple- 
mento, 389-396. 

This paper is a reprint of a part of the paper, having 
the same author and title, published in IRE Trans. IT-2 
(1956), no. 3, 20-28. It considers the class of switching 
circuits somewhat analogous to ordinary linear electrical 
filters, except that the space of functions considered is 
linear over GF{[2] rather than over the real numbers. The 








10815-10821 





elements of which such circuits are built consist only of 
delay elements and modulo-two adder elements. The 
analysis and synthesis of such circuits is treated analogously 
to the ordinary electrical filters, and the “steady-state” 
and the “transient response” of such filters can be 
discussed. The existence of such circuits for deeoding 
error-correcting codes permits these codes to be discussed 
in somewhat different terms than usual. 

E. F. Moore (Murray Hill, N.J.) 


10815: 

Brennan, Donald G. Probability theory in communica- 
tion system engineering. Lectures on communication 
system theory, pp. 7-31. McGraw-Hill, New York, 1961. 

This paper is concerned with an elementary, heuristic 
introduction to those aspects of probability theory which 
the author believes are most useful to an engineer for a 
practical understanding of modern communication theory. 
The author commences with a naive formulation of the 
concept of real-valued random variables and their related 
distribution and density functions. Then he proceeds to 
discuss moments of random variables, joint and conditional 
distribution functions and statistical independence. This 
leads the author into a cursory treatment of the central 
limit theorem, the relation between correlation functions 
and spectral density and, finally, ergodicity. 

A. A. Mullin (Urbana, Ii.) 


10816: 

Siebert, William M. Signals in linear time-invariant 
systems. Lectures on communication system theory, 
pp. 33-57. McGraw-Hill, New York, 1961. 

The author shows, principally by means of examples, 
how frequency-domain methods (i.e., generalized harmonic 
analysis) are ideally suited for the analysis of linear time- 
invariant networks. Then, by means of further examples, 
he proceeds to generalizations concerning various relations 
between the methods of linear time-invariant system 
description and analysis (e.g., by an impedance function) 
and the methods of representation (e.g., as pulses or 
impulses) of the signals that are inputs and outputs of 
such systems. The paper has a section devoted to the use 
of the sampling theorem, rather than the more usual 
superposition-integral, for an analysis of linear time- 
invariant systems subjected to band-limited 

A. A. Mullin (Urbana, Til.) 


10817: 
Morrow, Walter E., Jr. Channel characterization: basic 
Lectures on communication system theory, 
pp. 59-69. McGraw-Hill, New York, 1961. 

The author discusses some aspects, especially as regards 
long-term variations, of the characterization of 2-terminal- 
pair, lumped-parameter, linear, time-variant networks 
with additive noise at the output terminal-pair. A brief 
discussion of the characterization of long-term variations 
of multiplicative channel disturbances is given. 

A. A. Mullin (Urbana, IIl.) 


10818: 

Sherman, Herbert. Channel characterization: rapid 
multiplicative perturbations. With an appendix by Elie 
J. Baghdady. Lectures on communication system theory, 
pp. 71-94. McGraw-Hill, New York, 1961. 


INFORMATION AND COMMUNICATION THEORY 










This paper deals with the characterization of linear 
time-invariant channels, including lumped-parameter and 
certain distributed-parameter ones, whose variables of 
representation change rapidly, but not so rapidly that 
large changes in these variables are observed for time 
intervals of the order of the duration of the longest 
message element. For supplementary reading see Statistical 
methods in radio wave propagation (W. C. Hoffman, 
editor), Pergamon, New York, 1960 [MR 22 #3420]. 

A. A. Mullin (Urbana, Il.) 


10819: 

Kailath, Thomas. Channel characterization: time- 
variant dispersive channels. Lectures on communication 
system theory, pp. 95-123. McGraw-Hill, New York, 
1961. 

The achieving of reliable signal transmission through 
the ionosphere is dependent upon suppressing the detri- 
mental effects of atmosphere noise and time-invariant 
multipath propagation. The author presents some zero- 
order mathematical models (i.e., neglecting statistical 
data) for linear, time-variant channels of limited band- 
width, which are dispersive ones in the sense of having 
propagative paths of different lengths. 

A. A. Mullin (Urbana, II.) 


10820: 

Baghdady, Elie J. Diversity techniques. Lectures on 
communication system theory, pp. 125-175. McGraw- 
Hill, New York, 1961. 

The author assumes that the form of representation, in 
which the message is to be transmitted, has been selected; 
thus, improvement of system performance can only depend 
upon appropriate corrective techniques in the processing 
of the disturbed signals. He considers methods for pro- 
curing the “‘diverse’’ copies of the signal perturbed by the 
channel. Then he treats of schemes for utilizing the 
“diverse” copies to improve the reliability of the system 
(e.g., by mathematical techniques for making a single 
selection of a signal and by various compositions of the 
“diverse”’ signals (e.g., with a sort of majority organ)). 

A. A. Mullin (Urbana, Iil.) 


10821 : 

Siebert, William M. Statistical decision theory and 
communications. I. The simple binary decision problem. 
Lectures on communication system theory, pp. 177-189. 
McGraw-Hill, New York, 1961. 

One may consider “signal detection” in the sense of 
separating a desired signal from the background of 
additive noise in which it is buried or in the sense of 
operating on the desired signal in such a way as to derive 
the modulated waveform in a form appropriate to an 
observer. In the paper under review the author treats 
“signal detection” in the first sense. He breaks this sense 
of signal detection into two categories: filter theory in 
which the form of the processing device is fixed and one 
then takes whatever form of output signal yields a least- 
square error, and decision theory in which the form of the 
output signal is fixed and one then takes whatever pro- 
cessing device yields a least-square error. He gives an 
analysis of various aspects of decision theory baséd upon 
error criteria other than the least-square one (e.g., — 
mum signal-to-noise ratio, and minimum probability of 
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error, and the a posteriori most probable transmitted 
signal). A. A. Mullin (Urbana, Ii.) 


10822: 

Root, William L. Statistical decision theory and com- 
munications. II. A more general formulation. Lectures 
on communication system theory, pp. 191-202. McGraw- 
Hill, New York, 1961. 

By means of examples the author considers some 
statistical decision techniques (e.g., minimizing the risk 
function) that frequently arise in communication theory. 

A. A. Mullin (Urbana, Il.) 


10823: 

Lerner, Robert M. Representation of signals. Lectures 
on communication system theory, pp. 203-242. McGraw- 
Hill, New York, 1961. 

This paper, which is an extension of, and flavored by, 
an earlier paper by the author [IRE Trans. CT-6 (1959), 
supplement, 197-216], is concerned with, among other 
things, a brief exposition of a theory of signals (see, e.g., 
R. E. Wernikoff, A theory of signals, Tech. Rep. 331, 
Res. Lab. Electronics, Mass, Inst. Tech., Cambridge, 
Mass., 1958]. He then generalizes a procedure s 
by D. Gabor [J. Inst. Electro. Engrs. (Part 3) 93 (1946), 
429-457] into a technique for computing the mathematical 
nature of certain complex signals. 

A. A. Mullin (Urbana, Il.) 


10824 : 

Lerner, Robert M. Design of Lectures on 
communication system theory, pp. 243-277. McGraw- 
Hill, New York, 1961. 

The author considers various aspects of the design of 
signals as an art, which properly contains the synthesis 
of signals as a science. First, he deals with the use of the 
techniques of the synthesis of signals in a study of 
engineering systems. Secondly, he discusses some of the 
principles of the design of signals perturbed by channels 
with additive gaussian noise. Thirdly, he extends his 
considerations to colored noise. Lastly, the author in- 
vestigates which signals are appropriate for channels 
disturbed by additive impulsive noise. 

A. A. Mullin (Urbana, II.) 


10825 : 

Wozencraft, John M. Sequential reception of time- 
variant dispersive transmissions. With an appendix by 
Thomas Kailath. Lectures on communication system 
theory, pp. 279-320. McGraw-Hill, New York, 1961. 

Generalizing on and abstracting from the earlier works 
of R. Price and P. E. Green, Jr. [Proc. IRE 46 (1958), 
555-570] and T. Kailath [#10142] dealing with multipath 
propagation, the author presents some aspects of a mathe- 
matical theory of the design of receivers for digitalized 
communication over linear, randomly time-variant, disper- 
sive media of propagation that are disturbed by additive 
white gaussian noise. A. A. Mullin (Urbana, Il.) 


10826: 

Elias, Peter. Coding and decoding. Lectures on com- 
munication system theory, pp. 321-344. McGraw-Hill, 
New York, 1961. 


INFORMATION AND COMMUNICATION THEORY 









The author gives an essentially expository treatment of 
some of the problems of coding and decoding. He considers 
the binary symmetric channel and its related block 
block decoding and sequential decoding [{J. M. Woren- 
craft, Sequential decoding for reliable communication, Tech. 
Rep. 325, Res. Lab. Electronics, Mass. Inst. Tech. 
Cambridge, Mass., 1957] problems. Then he considers his 
own binary erasure channel and its related block coding, 
block decoding and sequential decoding [M. Epstein, 
Coding for the binary erasure channel, Thesis, Mass. Inst. 
Tech., Cambridge, Mass., 1958] problems. Finally he 
proceeds to discuss block parity-check codes, 
erasures, decoding cross-overs and probability of decoding 
failure. A. A. Mullin (Urbana, II.) 


10827: 

Green, Paul E., Jr. Feedback communication systems. 
With an appendix by Peter Elias. Lectures on com- 
munication system theory, pp. 345-368. McGraw-Hill, 
New York, 1961. 

This paper is concerned with an investigation of net- 
works of channels for which feedback within the networks 
is present. He shows, among other things, how feedback 
can be used under certain circumstances to increase the 
channel capacity of a forward channel and to simplify 
the coding problem for the network of channels. 

A. A. Mullin (Urbana, Ii.) 


10828 : 

Rafuse, Robert P. Characterization of noise in receiving 
systems. Lectures on communication system theory, 
pp. 369-399. McGraw-Hill, New York, 1961. 

Using some of the results of a recent book [H. A. Haus 
and R. B. Adler, Circuit theory of linear noisy networks, 
Technology Press, Cambridge, Mass., 1959; MR 22 #7660) 
the author gives a mathematical analysis of the noise 
performance of a fairly general receiving system. The 
model is a linear system subjected to gaussian noise, 
especially thermal and shot noise. He considers the 
conditions under which the signal-to-noise ratio of a 
linear system can be optimized before any process of 
detection is attempted. A. A. Mullin (Urbana, Ill.) 


10829: 

Uhlir, Arthur, Jr. Microwave applications of semi- 
conductors. Lectures on communication system theory, 
pp. 401-415. McGraw-Hill, New York, 1961. 

The author discusses the use of various semiconductor 
diodes to produce low-noise microwave amplification. In 
particular he considers the varactor (i.e., a certain semi- 
conductor diode with variable capacitance), the PIN 
junction attenuator diode and the tunnel diode. 

A. A. Mullin (Urbana, Iil.) 


10830: 

Kingston, Robert H. Masers and low-noise systems. 
Lectures on communication system theory, pp. 417-428. 
McGraw-Hill, New York, 1961. 

The author considers microwave amplification by 
stimulated emission of radiation (i.e., the maser) to 


oon low-noise systems for high frequency amplifica- 
A. A. Mullin (Urbana, Ill.) 
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10831 : 

Pollack, Irwin. Performance criteria of speech systems. 
Lectures on communication system theory, pp. 429-437. 
McGraw-Hill, New York, 1961. 

This paper gives a characterization of communication 
channels in terms of criteria of effective performance from 
the point of view of the human operators who use the 
systems. A. A. Mullin (Urbana, II.) 


10832: 

Baghdady, Elie J. Analog modulation systems. Lec- 
tures on communication system theory, pp. 439-555. 
McGraw-Hill, New York, 1961. 

The author views the process of modulation, in the 
language of the reviewer, as a process of generating a 
homeomorphism between a space of messages and a space 
of signals. He discusses some of the considerations that 
affect the choice of the type of modulation to be employed 
in the design of a general class of communication systems. 

A. A. Mullin (Urbana, II.) 


10833: 

Brennan, Donald G. Analysis of long-term variability. 
Lectures on communication system theory, pp. 557-565. 
McGraw-Hill, New York, 1961. 

This paper treats some problems of communication 
theory for which the perturbing effect is modeled as a 
stationary process multiplied by a parameter of long- 
term variability. The author gives conditions under which 
the multiplier and the process which it multiplies are 
“approximately” independent. 

A. A. Mullin (Urbana, II.) 


10834: 

Morrow, Walter E., Jr. Communication link design. 
Lectures on communication system theory, pp. 567-575. 
McGraw-Hill, New York, 1961. 

“Communication link design’ refers to the broad non- 
technical project of fitting the various pieces of the theory 
of communication systems into a coherent whole. Here 
the author gives a correlation of the previous papers of 
the book under review. A. A. Mullin (Urbana, Il.) 


10835: 

Wiesner, Jerome B. Communication using earth satel- 
lites. Lectures on communication system theory, pp. 
577-593. McGraw-Hill, New York, 1961. 

The author discusses some of the pros and cons of the 
possibility of using earth satellites as a means of providing 
reliable, long-range communications. 

A. A. Mullin (Urbana, Ii.) 


10836 : 

Fano, R. M. Present trends. Lectures on communica- 
tion system theory, pp. 595-603. McGraw-Hill, New 
York, 1961. 

The author divides some of the trends in the theory of 
communication systems into three categories: “new 
requirements”’, “new physical tools” and ‘‘new theoretical 
tools’, with special emphasis on the last one. An example 
of the first category is the introduction of the features 
permitting accurate and efficient communication between 
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humans into machine-to-machine communication. Two 
examples of the second category are tools which provide 
new transmission paths and tools that facilitate the 
processing of signals. An example of the last category is 
inquiry into more efficient coding and decoding schemes. 

A. A. Mullin (Urbana, II.) 


10837: 

Thomasian, A. J. An elementary proof of the AEP of 
information theory. Ann. Math. Statist. 31 (1960), 452- 
456. 

The AEP (asymptotic equipartition property) was first 
formulated and proved by Shannon [Bell System Tech. J. 
27 (1948), 379-423, 623-656 ; MR 10, 133] for the case of an 
ergodic Markov source, using the pointwise ergodic 
theorem, and later extended by McMillan [Ann. Math. 
Statist. 24 (1953), 196-219; MR 14, 1101] to the general 
ergodic source, using the Wiener L; ergodic theorem and 
a martingale convergence theorem of Anderson and 
Jessen. In this paper it is shown that the general result 
may be obtained without recourse to martingale theorems. 
The proof is accomplished by a neat reduction to the 
Markov case, following which Shannon’s original technique 
yields the desired result. A. Feinstein (Urbana, IIl.) 


10838 : 
Gill, Arthur. A note on the minimal representation of 
triggering matrices. Quart. Appl. Math. 19 (1961), 69-71. 
A triggering matrix is an array of numbers in which 
each row represents an actuating input of a data- 
processing system. In this paper, upper and lower bounds 
are given to the minimal form of such a matrix. The 
following theorem is proved: Let the dimension of a 
triggering matrix of radix r and minimal distance do be 
m xn. (“Distance” is meant in the sense of Hamming 
error-detection codes.) Let the dimension of the correspon- 
ding minimal triggering matrix consistent with the 
minimal distance d<do be mxn. Then [(d—1)/(r—1)]+ 
{logy m}snsd(m—1), where [x] denotes the largest 
integer which is not larger than x, and {x} the smallest 
integer which is not smaller than z. 
B. A. Galler (Ann Arbor, Mich.) 


10839: 

Mandelbrot, Benoit. A note on a class of skew distribu- 
tion functions: analysis and critique of a paper by H. A. 
Simon. Information and Control 2 (1959), 90-99. 

Consider a sample of k items each of which carries a 
label, and let f(i,k) be the number of different labels, 
each of which occurs i times in the sample, so that f(i, k) 
is the frequency of the frequency +. For fixed k, f(i, k) is 
often roughly proportional to (i+a)-¢+), for some a and 
p (a Zipf law). G. K. Zipf [Human behaviour and the 
principle of least effort, Addison-Wesley, Reading, Mass., 
1949] suggested that the explanation could be found in a 
principle of economy, especially in the application to 
vocabulary. G. U. Yule [Statistical study of literary 
vocabulary, Cambridge Univ. Press, London-New York, 
1944] summarily dismissed Zipf’s law for vocabulary, but 
he threw away too much. [See I. J. Good, Biometrika 
40 (1953), 237-264; MR 15, 809; p. 254.] The author [in 
Communication theory, ed. by W. Jackson, Butterworth, 
London; Academic Press, New York, 1953; pp. 486-502] 


gave a quantitative expression to Zipf’s suggestion by 
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assuming that natural languages roughly maximise the 
amount of information per unit of effort. A very short 
exposition of the author’s theory has been given by the 
reviewer [I. J. Good, Nature 179 (1957), 595]. This 
exposition was expressed for the case p= 1, but generalises 
with virtually no change. (Also an integral was given with 
the wrong sign, and the word ‘minimise’ should be 
‘maximise’.) In the above-mentioned Biometrika paper 
the reviewer pointed out that, for two of the vocabulary 
samples, f(t, k) is more closely approximated by A/i(i +1) 
(or by Azt/i(t+1), where z is a ‘convergence factor’ very 
close to 1). H. A. Simon [Biometrika 42 (1955), 425-440; 
MR 17, 380; reprinted unchanged in Models of man, 
Wiley, New York, 1957] considers the more general form 
AB(i, p+1), where B represents the Beta function. He 
calls this a ‘Yule’ distribution. For large i it is approxi- 
mated by the Zipf law with a=0. Simon suggested a 
stochastic explanation, by regarding a stretch of running 
text as a birth process, satisfying two or three conditions, 
one being that the probability that a new word will occur 
as the (¢+1)st word, is independent of k. This could 
hardly explain the distribution of Eldridge’s statistics for 
newspaper English, which was one of the two samples 
mentioned above, since this sample must have been 
something like a random sample from a multinomial 
distribution. 

The author now points out that, when p<1, Simon’s 
model implies that the probability that the next word (or 
item) selected is a function of k, if the Zipf law (with 
a=0) is to be obtained. This function is as complicated 
as the Zipf law itself, so the model does not explain 
anything in this case. The author says that for samples 
of vocabulary, p is usually less than 1, and that when 
p>l there is experimental evidence against Simon’s 
model. He says further that for the Pareto distribution of 
income, for which p always exceeds 1, the model deserves 
further study, and that such a study will be practically 
identical with that of Champernowne [Econ. J. 63 (1953), 
318-351; pp. 318ff.]. 

The paper concludes with a reply to two objections 
raised by Simon against the author’s theory of least 
effort, for vocabulary. I. J. Good (Teddington) 


10840 : 

Bar-Hillel, Yehoshua. The present status of automatic 
translation of Advances in computers, Vol. 1, 
pp. 91-163. Academic Press, New York, 1960. 

Anyone seriously interested in the field of automatic 
language translation would do well to turn to this paper 
as his initial source of information. The author gives not 
only a fairly thorough description of work in progress in 
various centers at the time he wrote, together with a 
comprehensive bibliography, but he also supplies a 
searching and, on the whole, quite fair critique of aims and 
accomplishments. His critique puts in proper scientific 
perspective the status of a field all too frequently known, 
even to the quite intelligent layman, only through what 
might best be described as promotional literature. Any 
survey of this type naturally tends to become dated, but 
anyone who has read the present article cannot fail but 
to read subsequently published literature in the field with 
a cool and critical eye and increased comprehension of 
the fundamental issues. 

A. G. Octtinger (Cambridge, Mass.) 
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10841: 
Tabory, R. Automatische Spracheniibersetzung. 
Math.-Tech.-Wirtschaft 8 (1961), 6-9. 
This paper is a brief, superficial survey of research in 
automatic language translation. 
A. G. Oettinger (Cambridge, Mass.) 


10842: 
Nikolaeva, T. M. Constructing the algorithm of an 
independent tical analysis of the Russian 


Dokl. Akad. Nauk SSSR 132 (1960), 1049-1050 (Russian) ; 
translated as Soviet Physics. Dokl. 5, 477-478. 

This paper, which seems to have suffered somewhat in 
translation (presumably by a human), describes in very 
general terms the author’s approach to the determination 
of the syntactic structure of Russian sentences. The 
algorithm is described as p in two main parts, 
the first of which adjoins to individual word forms what- 
ever information is available about them, presumably in 
a dictionary. The words thus furnished with unambiguous 
information are then used in reducing ambiguities in the 
description of the remaining words, by a process made 
up of a succession of steps each utilizing information 
obtained in the preceding one. The paper does not go 
beyond a general statement of principles, hence is not 
likely to be very useful to research workers. 

A. G. Oettingcr (Cambridge, Mass.) 


10843: 

Booth, A. D.; Colin, A. J.T. On the efficiency of a new 
method of dicti construction. Information and 
Control 3 (1960), 327-334. 

The compilation of words lists, that is, lists of the distinct 
words present in some corpus of text, is a procedure 
frequently required in many forms of language data 
processing. The authors propose a method for compilation 
and look-up which eliminates the need either for inserting 
a new word between two existing ones with attendant 
difficulties or for a preliminary sorting of all of the words 
in the corpus into alphabetic order. The method is based 
on arranging new distinct words, as they occur, in the 
form of a tree structure represented in the computer by 
the technique now commonly referred to as “list pro- 
cessing’. The efficiency of the process is evaluated by 
comparing the number of references necessary to reach an 
entry in the case where the growth pattern of the tree is 
determined by the order in which words arrive with the 
number of references required to reach each entry in a 
completely branched tree with the same number of 
entries. The effect of artificially arranging for the first é 
levels of the tree to be completely branched and also that 
of modifying the procedure so that the most frequent 
words are accessible near the root of the tree is presented 
for comparison. It should be remarked that this method 
will be applicable only in situations where the size of the 
dictionary is such that it will fit inside available random 
access memory, since the use of this method would be 
hopeless in conjunction with a magnetic tape store. 
Although no detailed comparative analysis is available, 
this method would seem to compare most favorably, 
especially with regard to updating properties, with one of 
a similar character — by Lamb. 

A. Oecttinger (Cambridge, Mass.) 
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10844: 


Newman, Edwin B.; Waugh, Nancy C. The redundancy 
of texts in three languages. Information and Control 3 
(1960), 141-153. 

This paper begins with the remark that ‘“‘measures of 
information have been used somewhat less widely in fields 
such as linguistics and psychology than some of us had 
hoped they might have been”. One reason the authors 
cite for this is “the great difficulty in estimating informa- 
tion accurately on the basis of samples of practical size 
and by the use of experimental methods that are feasible.” 
The paper reports on extensive computer-aided studies of 
the information content of samples taken from printed 
Samoan, English, and Russian. The tables given in the 
paper are a useful addition to the literature of estimates 
of information content of printed text, but the problems 
encountered by the authors in evaluating the significance 
and validity of their estimates suggest that the difficulty 
they mention at the beginning of the paper is still with 
us and is contributing to the gradual abandonment of 
efforts to use measures of information in either linguistics 
or psychology. A. G. Ocettinger (Cambridge, Mass.) 


SERVOMECHANISMS AND CONTROL 
See also A9462. 


10845 : 


Wilts, Charles H. Principles of feedback control. 
Addison-Wesley Series in the Engineering Sciences. 
Addison-Wesley Publishing Co., Inc., Reading, Mass.- 
London, 1960. x+27l pp. $8.75. 

This book, containing 12 chapters and 2 appendices, 
is devoted to the mathematical methods commonly used 
in the analysis and design of linear feedback systems, and 
it is addressed—above all—to control engineers. In order 
to understand the problems the reader must know some- 
thing about linear differential equation theory and its 
treatment by familiar methods including Laplace trans- 
formation. In his introductory remarks the author gives a 
definition of feedback and points out its manifold use in 
certain dynamical systems, being a fundamental element 
in modern automation. After that he shortly repeats linear 
differential equation theory ; in the important special case 
of constant coefficients he treats the concepts of transfer 
function, block diagram, frequency response, these being 
the foundation of numerous methods to solve control 
problems and playing a decisive part in practical applica- 
tions. In the following chapters these concepts are used 
to study closed-loop systems, especially to examine their 
stability properties. Some customary stability criteria and 
their evaluation by graphical methods are discussed, but 
there is no mention of the modern Liapounoff stability 
theory which nevertheless is the key not only to any 
advanced nonlinear study but also to thoroughly under- 
standing the validity of stability decisions in virtue of 
the linear approximation. In a detailed way the author 
still engages in solving technical problems, for instance, 
those connected with the response of control systems on 
certain typical inputs or with the improvement of the 
dynamical behaviour of a system. A brief treatment of 
sampled data systems is given too. In the appendices 
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some considerations are completed. The last chapter is 
reserved to the nonlinear theory ; for hysteresis-type non- 
linear characteristics, approximated by piecewise linear 
characteristics, the describing functions are computed and 
applied to study the asymptotical behaviour of the 
processes. There is no treatment of any other asymptotic 
method of practical interest (for instance of the Kryloff- 
Bogoliuboff method of harmonious balance), although 
these are frequently used and broadly developed. At the 
end of the chapters there are two types of problems to be 
solved by the reader: Some of them require that proofs 
and derivations in the text be completed; the others 
consist in applying the discussed methods to practical 
problems. R. Reissig (Berlin) 


10846 : 

Del Toro, Vincent; Parker, Sydney R. Principles of 
control i McGraw-Hill Series in 
Control Systems Engineering. McGraw-Hill Book Co., 
Inc., New York-Toronto-London, 1960. xiv+686 pp. 
$14.50. 

The book is divided into six parts. 

Part I is an introduction to the concepts of feedback 
and a review of the mathematical techniques which will 
be needed for the subsequent parts 

Part II deals briefly with an analysis of the dynamics of 
closed-loop systems directly through the study of their 
governing (linear) differential equations, i.e., the so-called 
time-domain approach. This is a short part mainly because 
the engineering audience to whom this book is aimed is 
more conversant with analysis in the frequency domain. 

Part III, then, presents a detailed study of the use of 
Laplace transform techniques and of the complex plane to 
represent, analyze, and to some extent alter, closed-loop 
feedback systems. Stability investigations are presented 
through the analytic Routh test and the graphic Nyquist 
test. No mention is made of Hurwitz—a surprising lack. 
There is on page 313 a serious, but unfortunately preva- 
lent, misconception which the reviewer feels compelled to 
discuss. In systems with time lags, the characteristic 
equation becomes an exponential polynomial, instead of 
an algebraic one, in the complex variable s. The ex- 
ponential terms are often replaced by truncated Taylor 
series, and the Routh test applied. The statement is then 
made (in the book) that if more terms in the series were 
included, a more exact statement of the stability con- 
ditions is obtained. This is false. Consider the equation 
se?+b=0. This is stable (i.e., all its roots are pseudo- 
negative) for 6 in the range (0, 7/2). However, if more 
than six terms of the Taylor series for e* are used, the 
Routh test indicates instability for all values of 6. 

Part IV carries on the frequency domain analysis by 
means of the root-locus methods. 

Part V is a short discussion of electronic computers, 
both analog and digital, and their functioning. A very 
brief mention is made of nonlinearities here. 

Part VI deals with the newest offspring in the control 
field—the so-called self-adaptive control systems. Not 
much theoretical knowledge in this area is extant, and the 
authors have contented themselves with presenting the 
desirable operating characteristics of such systems. A 
couple of actual systems already in existence, which in- 
corporate some of these characteristics, are described. 
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The book ends with five appendices : Conversion factors ; 
Roots of algebraic equations; Table of RC transfer 
functions; The logarithmic spiral; and Bandwidth of 
second-order systems. 

On an overall view, this book covers a lot of material 
already to be found in other books, both older and con- 
temporary ones. If it has any claim to be different, it is 
in the clarity of the exposition, in the interesting examples 
used to illustrate the text, and in the large selection of 
excellent problems at the end of each chapter. 

N. H. Choksy (Silver Spring, Md.) 


10847 : 

Khokhlov, R. V. A method of analysis in the theory of 
sinusoidal self-oscillations. IRE Trans. CT-7 (1960), 
398-413. 

This paper is concerned principally with a method for 
simplifying the averaged or “shortened” equations. This 
the author calls a “‘secondary simplification” method, the 
first simplification being obtained by a method of 
averaging. The averaged equations contains two sets of 
variables—“slow”’ variables and “fast’’ variables. The 
fast variables describe the transient process of the self- 
oscillation of the system as it approaches a steady-state 
oscillation determined by the siow variables. This identifi- 
cation of fast and slow variables leads to a simplified 
approximate analysis of the averaged equations. As the 
author illustrates this method has been effective in 
studying the action of molecular generators such as the 
reflex klystron. The paper contains a large number of 
physical examples where the method has been applied 
along with numerous references. It is reasonable to expect 
that the method ean be given a mathematical justification. 
There seems no doubt that it is useful. 

J. P. LaSalle (Baltimore, Md.) 


10848: 

Desoer, Charles A. Pontriagin’s maximum principle 
and the principle of optimality. J. Franklin Inst. 271 
(1961), 361-367. 

The author considers several optimal control problems 
associated with the system of equations z’=f(x, wu, ¢), 
where x is a state vector and u is a control vector. He shows 
that the Pontriagin maximum principle can be derived 
from the Bellman principle of optimality and that, in 
certain cases, valuable qualitative information concerning 
optimal control can be obtained from the Pontriagin 
principle. Relevant references to related pairs of Rozonoer 
and Dreyfus are included. 

R. Kalaba (Santa Monica, Calif.) 


10849: 

Merriam, C. W., III. An optimization theory for feed- 
back control system design. Information and Control 3 
(1960), 32-59. 

A basic problem in the application of dynamic pro- 
gramming to automatic control is that of obtain- 
ing a feasible procedure for the solution of 


computational 
the functional equations determining optimal policies. In 
this paper the author outlines a technique for approxima- 
tion to the criterion function by quadratic fanctions which 
permits ready digital computer solution. An example is 
CS ae ee 
E. Bellman (Santa Monica, Calif.) 
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10850 : 

Steel, G. K. Analysis of non-linear sampled-data con- 
trol systems by a method of linear correction. 
J. Electronics Control (1) 9 (1960), 309-320. 

The paper presents an analysis of a sampled data 
feedback control system containing one zero-memory 

on-linear device, directly associated with a data-hold 
circuit, using Z-transforms. A worked-out example is 
included. A. V. Balakrishnan (Los Angeles, Calif.) 


10851: 

Dreyfus, Stuart E. Dynamic programming and the 
caleulus of variations. J. Math. Anal. Appl. 1 (1960), 
228-239. 

An elegant formal derivation is given of the classical 
necessary conditions in calculus of variations for curvilinear 
integrals, using R. Bellman’s functional-equation tech- 
nique [see Dynamic programming, Princeton Univ. Press, 
Princeton, N.J., 1957; MR 19, 820]. The same method 
also applies to problems with inequality constraints. 

W. F. Fleming (Providence, R.I.) 


10852: 

Urabe, Minoru. Periodic solutions of van der Pol’s 
equation with damping coefficient A=0~10. IRE Trans. 
CT-7 (1960), 382-386. 

For van der Pol’s equation d®z/dé? — (1 —2*)da/dt+2=0 
(A>0), the author has devised a new method for com- 
puting periodic solutions which enables him to establish : 
When A is increased monotonically from 0, the amplitude 
of the oscillation described by the equation increases 
monotonically until A=3 and decreases monotonically 
after A=4. The maximum amplitude is obtained between 
A=3 and A=4 and its value is about 2.0235. The author’s 
techniques will apparently apply to any second order 
autonomous system having the symmetric characteristics 
of the present example. 

8S. P. Diliberto (Berkeley, Calif.) 


10853: 

Jury, E. I. Contribution to the modified z-transform 
theory. J. Franklin Inst. 270 (1960), 114~129. 

The author is considering a slight generalization of the 
ordinary theory of z-transforms of functions defined on a 
set of equally spaced points. He establishes a formula for 
giving the modified z-transform of the product of two 
functions, and illustrates the use of the formula by many 
elementary examples and applications. The results of the 
paper are expected to be useful in the theory of sampled- 
data control systems. L,. A. MacColl (New York) 


10854: 

Krasovskii, N. N. Approximate computation of optimal 
control by the direct method. Prikl. Mat. Meh. 24 
(1960), 271-276 (Russian); translated as J. Appl. Math. 
Mech. 24, 390-397. 

A method is described for obtaining an approximate 
solution to the time-optimal control problem dz/dt= 
Az+bw, x and b being n-vectors, A an n-by-n matrix, 
u(t) being the measurable (scalar) control function subject 
to the admissibility condition on [uC <1, and it is desired 
to return to the origin in the smallest time. The basic 


idea is to replace the original problem by the auxiliary 
1941 
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problem of obtaining the optimum control that minimizes 
the integral fo". U.(zx, t, w(t))dt, 0<17,< 0, for suitable 
choice of U,{---), such that there is a subsequence of 
optimal controls for the auxiliary problem which converge 
(weakly) to the optimal control for the time-optimal 
problem. A suggested example of U,(- - -) is U.(z, t, u(t))= 
1—exp(—z2z?/2e)+u(t)**. The optimal control for the 
approximate auxiliary problem is itself approximated by 
a trigonometric polynomial of high enough order, thereby 
reducing the problem to one of minimizing a multivariate 
function, which the author proposes to do by steepest 
descent. However, no means for establishing convergence 
estimates (such as ascertaining how many terms in the 
trigonometric polynomial should be chosen for a given 
accuracy) are considered. Parenthetically, considering 
that the optimal control is determined by a finite- 
dimensional initial vector, it is surprising that the 
approximate solution requires an infinite-dimensional 
setting. A. V. Balakrishnan (Los Angeles, Calif.) 


10855 : 

Kirillova, F. M. A limiting process in the solution of 
an optimal control problem. Prikl. Mat. Meh. 24 (1960), 
277-282 (Russian); translated as J. Appl. Math. Mech. 
24, 398-405. 

The time-optimal problem is considered for the controls 
system described by the equation dz/dt = A(t)x + b(t)u(t) 
where z, 6 are n-vectors, A an n-by-n matrix and u(t) 
the scalar control function, continuous and such that 
fe,t \u(t)|pdts1, p>, and it is desired to find the 
optimum control that returns the system to the origin in 
the shortest time. The author proves that for “normal’’ 
systems the optimal control is given by 


|2- F-4(t)b()|e’? sign [2- P-1(¢)(¢)] 


where | is some n-vector, F(t) the fundamental matrix 
of the homogeneous system equation and 1/q+1/p=1. 
Moreover, the author shows that as p—>oo, both the 
minimal time as well as the control functions converge 
(the latter in measure) to the corresponding solutions of 
the time-optimal problem subject to the restriction 
|u(t)| <1, u(t) measurable. The linear functional methods 
initiated by Krasovskii are employed. 

A. V. Balakrishnan (Los Angeles, Calif.) 


10856 : 

Rogers, Milton; Shapiro, George. Closed-loop flip-flop 
control systems. J. Aerospace Sci. 27 (1960), 841-853. 

Relay control of second-order systems have been 
discussed often. In this paper attention is drawn to the 
fact that for practical reasons, in a system J6(t) + K6(t) = 
L(t) the control torque L(t) will not alternate simply 
between the extrema (+ Zo) and (— Zo), but that there 
is a transition time tz in which the torque changes from 
one extremum to the other as a linear function of time. 
The change from one extremum to the other is com- 
manded by a linear switching function 6+¢,4=0 and 
executed with a delay of tp seconds. In general tz, tr, tp 
are given and the dwell time tg (time in which the maxi- 
mum or minimum torque is acting) has to be obtained 
graphically or numerically. The authors have studied the 
problem theoretically and with the help of an analog 
computer. The agreement is excellent. A number of 
trajectory plots in the phase plane (8, 6) give an idea of 
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the behavior of systems under such a control. The specific 
contribution for the design of such controls is a number 
of diagrams which show relations between tz, tr, tp and 
ty. The occurrence of limit cycles is discussed; their 
computation is given in detail in an appendix. The 
application of the results to the control of a boost-glide 
vehicle is discussed; in particular, the dependence of 
control performance on the aerodynamic damping of the 
vehicle is shown. I. Fligge-Lotz (Stanford, Calif.) 


10857 : 

Fuller, A. T. Optimization of a saturating control 
system with Brownian Motion input. J. Electronics 
Control (1) 10 (1961), 157-164. 

Author’s summary: “A non-linear control system with 
a random input is optimized theoretically. The main 
process (i.e., the plant) consists of an integrator and is 
preceded by a saturating amplifier. The random input is 
Brownian Motion (i.e., an integrated Gaussian white 
noise). It is found that, for various performance criteria, 
relay operation of the saturation characteristic is called 
for, the relay-switching function being simply the system 
error.” 


10858 : 

Glover, Clarence C. Optimum prediction with a mean 
weighted square error criterion. IRE Trans AC-6 (1961), 
43-48. 

Using a weighted mean-square error criterion of the 
form : 


a 
Jim 7 [LF Felt OL fel] a, 


where f(t) is the system output and f,(¢) the desired out- 
put, the author derives a (generalized) Wiener-Hopf 
equation for the optimal linear system for ergodic pro- 
cesses. For the case where 


OL falt)] = (falt)? + 82), 


solutions are obtained for Gaussian statistics for the pure 
prediction problem as well as the extraction problem with 
i and noise independent and additive, with zero 


means. A. V. Balakrishnan (Los Angeles, Calif.) 


10859 : 

Kazakevit, V. V. Extremum control of objects with 
inertia and of unstable objects. Dokl. Akad. Nauk SSSR 
133 (1960), 756-759 (Russian); translated as Soviet 
Physics. Dokl. 5 (1961), 658-661. 

Consider a closed-loop system consisting, in sequence, of 
a signal generator, a signum-function relay, a regulating 
device, a nonlinear element, and an inertia element. In 
this loop let x be the input to the nonlinear element and 
y=f(z) the output of the inertia element. (The nonlinear 
element and the inertia element may be considered 
together as a nonlinear object, as often arises in practice.) 

The problem of extremum control then consists in 
seeking for the magnitude of y and keeping it at its 
maximum value. In the usual methods of solving this 
problem, in the presence of the inertia element; it is 
necessary to !.ave a slow response in the regulating device 
to prevent “hunting”’. 
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In the present paper the author proposes a method of 
extremum control in which it is actually desirable to have 
a fast-responding regulating device. For example, in a 
first-order extremum controller, the usual methods call 
for seeking the zero of the first derivative of y; but here 
the method calls for finding the maximum of the first 
derivative, in which case a fast speed of adjustment is 
beneficial. N. H. Choksy (Silver Spring, Md.) 


10860: 

Yurkevité, A. P. Extremal control processes with 

dynamic transformation and memory storage of the input 

when perturbations are t. Dokl. Akad. Nauk 
SSSR 133 (1960), 1307-1310 (Russian); translated as 
Soviet Physics. Dokl. 5 (1961), 666-669. 

It is a matter of great importance to increase the 
accuracy of extremum control processes, specially in the 
presence of external low-frequency perturbations. 

The “memory” in the title refers merely to a signum- 
relay. The interesting feature is the “dynamic trans- 
formation’’. This consists of incorporating the perturba- 
tions into the input of the system, and then of analyzing 
the system under this new input. The author then treats 
the cases where the perturbing function, as it now appears 
as part of the input, is a linear and a quadratic function 
of time. In the former case he shows that the performance 
of the extremum controller is not affected by the perturba- 
tion. In the latter case, a limit-cycle situation can arise 
under certain conditions, and the system would not reach 
the desired extremum state. 

{There are a large number of typographical and transla- 
tion errors in this paper, as compared to the original 
Russian. For instance, the phrase “restricting cycle” 
which appears in many places should read “limit cycle’’. 
Perhaps the most serious error stems from an unawareness 
of Russian symbolic usage : on page 667, near the middle, 
in brackets, is the phrase “t;< —3n/2’’. The original 
Russian reads “ty <(2+3)r’’, which is correctly translated 
“ty is less than two or three times 7”’.} 

N. H. Choksy (Silver Spring, Md.) 


10861 : 

Kazakevit, V. V. Reducing the influence of inertia 
in extremum ion of n-th order objects. Dokl. 
Akad. Nauk SSSR 133 (1960), 1041-1044 (Russian); 
translated as Soviet Physics. Dokl. 5 (1961), 662-665. 

A regulating system containing a nonlinear object 
which is made to seek the extremum of a function, works 
on the principle that the change in sign of z, the derivative 
of the input to the object, occurs after the output, y, of 
the object has reached its maximum value. However, in 
the presence of an inertia element in the nonlinear object, 
the dynamic output y and the static output y* are not 
the same (y* =f(z) being the static input-output relation- 
ship of the object); and it is the maximum of y* which 
the regulator must seek under dynamic operating condi- 
tions. 

This dilemma can be resolved by decreasing the speed 
with which the system seeks the extremum (since then 
the dynamic y is more nearly equal to y*), but this leads 
to excessive amounts of time needed to reach steady-state 
conditions. The author then proposes another solution. 

He assumes that the signum-relay, which senses the 
change in # is not fed by the dynamic output y. If one 
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could determine within a finite time the value y~ (the 
value of the dynamic output at infinite time), this being 
equal to y*, by feeding this into the signum-relay the 
system could be made to approach the desired extremum 
value quite rapidly and with only small oscillations. 
{There are a few obvious typographical errors in the 
translation.} N. H. Choksy (Silver Spring, Md.) 


10862 : 

Smets, Henri B. Analysis and synthesis of nonlinear 
systems. IRE Trans. CT-7 (1960), 459-469. 

One of the principal reasons why the theory of non- 
linear systems has been perceptibly lagging is the difficulty 
in applying the theory of linear systems to analyze non- 
linear systems. In this respect, the convolution integral, 
which is the cornerstone of linear-system analysis, remains 
the major stumbling-block. 

In this paper a major attempt has been made to 
generalize the convolution integral to a class of non- 
linear systems. The class of non-linear systems studied 
is that obtained by cascading zero-memory non-linear 
systems with linear systems. This type of system occurs 
frequently and hence is well worth considering. 

The method of analysis is to represent the non-linear 
portion of the system by a set of normal homogeneous 
functionals of degree n. By representing the non-linear 
section of the system by these functionals, the convolu- 
tion integral can be used. The system is then handled 
analytically. 

The normal functionals used are those obtained by 
measuring the output of the plant to a series of 
impulse functions. The entire plant is then described by a 
set of analytic functionals and as such can be synthesized 
by use of a known class of functionals. The method is 
interesting from a mathematical point of view but a 
trifle too complex for practical use. R. Roy (Troy, N.Y.) 


10863 : 

Magnus, K. Nichtlineare Probleme der Regelungs- 
theorie. Math.-Tech.-Wirtschaft 7 (1960), 19-25. 

A survey of the nonlinear problems in automatic 
control. The following problems are briefly, but signifi- 
cantly, represented : Stability of nonlinear systems, theory 
of relay controls (including “non-relay” type piecewise- 
linear characteristics), optimum control, approximate 
methods for handling nonlinear control problems. 

I. Flagge-Lotz (Stanford, Calif.) 


10864: 

Leonov, Yu. P. On approximate synthesis of optimum 
linear Avtomat. i Telemeh. 20 (1959), 
1071-1080 (Russian. lish summary); translated as 
Automat. Remote Control 20 (1960), 1039-1048. 

The author considers approximate —_ for the 
integral equation for the weighting function of the optimum 
system. In the usual way the integral equation is regarded 
as the variational equation for a quadratic minimization 
problem and a Rayleigh-Ritz method is employed. An 
example is given. 2. ZH. Bellman (Santa Monica, Calif.) 


10865 : 
Boltyanskil, V. G. The maximum principle in the 





10866-10870 


theory of optimal processes. Dokl. Akad. Nauk SSSR 
119 (1958), 1070-1073. (Russian) 


In this announcement of further results obtained in 
Pontryagin’s seminar on control systems ([ef., e.g., 
Boltyanskii, Gamkrelidze, and Pontryagin, same Dokl. 
110 (1956), 7-10; MR 18, 859] the author shows that 
Pontryagin’s maximum principle, originally stated as a 
hypothesis, is indeed a necessary condition for optimal 
controls. 

Let =f(xz, u) where x is an n-vector and u is an 
r-dimensional control parameter restricted to a set U, and 
suppose that, given zo, 21, there exists a piecewise-con- 
tinuous (optimal) control u(t) to which there corresponds 
a solution x(t) with x(t;) =2z,, 7 = 0, 1, which is time-optimal. 
Then the cone of attainability (with vertex at 2) is 
convex and lies in a half-space determined by a hyper- 
plane through 2z;. This implies the existence of a vector 
s(t) which satisfies, at every ¢ € [to, t:], 


ir 
Oe ‘ Oa 


H (x(t), p(t), u(t)) vad a A (x(t), P(t), u), 


where H(z, ¢, u)= <b, f(z, w)>. It follows that 
H(2(t), ¥(t), w(t)) must be constant and non-negative on 
[to, t:). The proofs of these statements are outlined briefly. 

H. A. Antosiewicz (Los Angeles, Calif.) 





“a= (é = 1, 2, ---,n), 


10866 : 
Lefschetz, Solomon. On 
Trans. CT-7 (1960), 474-475. 
In the control problem studied in this paper it is usual 
to assume that the controlled system is linear and then 
to determine suitable feedback control coefficients so that 
the controlled system is asymptotically stable in the large. 
If it is recognized, as is done in this paper, that the 
uncontrolled system is nonlinear then one cannot in 
general expect to obtain asymptotic stability in the 
large. Using the Liapunov method, it is shown that with 
small feedback it is possible with suitable control to 
enlarge the region of asymptotic stability as much as 
may be desired. Computable estimates are given of the 
size of the region of asymptotic stability. 
J. P. LaSalle (Baltimore, Md.) 


automatic controls. IRE 


10867 : 

Hale, Jack K. On the method of averaging. IRE 
Trans. CT-7 (1960), 517-519. 

The purpose of the paper is to present a theorem which in 
many cases justifies the use, which often is purely formal, 
of the method of averaging (harmonic balance, equivalent 
linearization, describing functions, the stroboscopic 
method, etc.). The theorem gives sufficient conditions for 
nearly linear systems for the existence of a stable manifold 
of solutions. By way of illustration the author uses the 
method to show the existence and approximation of 
stable almost periodic solutions and the ‘entrainment’ 
(synchronization) of frequencies for the forced van der Pol 
equation. The existence of a stable manifold of solutions 
is also discussed. The examples in the paper were selected 
to show how the use of different coordinate systems 
yields different information. The use of co- 


ordinates is usually called the van der Pol method whereas 
the Krylov-Bogoliubov method Borne mee to polar 
coordinates. (Baltimore, Md.) 


J. P. LaSalle 
1944 
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10868: 

Myers, B. R. Two theorems in multi- 

J. Soc. Indust. Appl. Math. 9 (1961), 116-126. 

In a linear physical system, when the parameters are 
subject to change, the characteristic function of the 
system, which determines the stability, can be considered 
to be a linear combination of linear expressions, i.e., a 
multi-linear expression. Such an expression can be 
represented as a multi-weighted sum of vectors belonging 
to some linear space. 

The author states and proves a theorem which essentially 
shows that the multi-weighted sum maps the unit n-cube 
into a certain convex hull. The second theorem is a 
sufficient condition for such a mapping to be complete 
(a necessary condition has not yet been found). A mapping 
of this kind is said to be complete if and only if every 
point of the convex hull in question is the map of some 
point in the n-cube. 

Application of the above theory to the question of 
stability is made by considering a closed-loop system 
whose stability depends on having all the zeros of its 
characteristic function (a multi-weighted sum) confined 
to the left-half of the complex-frequency plane. A 
succession of convex hulls is drawn as real frequency 
varies from zero to infinity, and 4 sufficient condition for 
stability is determined to be that the area traced out by 
this succession of convex hulls does not pass through or 
surround the origin of the complex- plane. 

N. H. Choksy (Silver Spring, Md.) 


sums. 


10869 : 

Sawaragi, Yoshikazu; Sugai, Narinobu. The stability 
problem associated with steady-state responses of a non- 
linear control system to a random signal. Tech. Rep. 
Engrg. Res. Inst. Kyoto Univ. 10 (1960), 89-98. 

The authors use the “statistical linearization method” 
(developed by the first-named author and his associates) 
to investigate the stability of the steady-state response of 
symmetrical nonlinear control systems to stationary 
random signals belonging to a gaussian random process. 
If zxo(t) is the steady-state response obtained by the 
linearization technique, and if v(t) is the input signal, let 
Gz, and oy be their variances respectively. The authors 
obtain a rather complicated characteristic equation whose 
evaluation then determines the nature of the stability of 
the response. For input signals whose spectral densities 
have complicated forms, this evaluation may not be easy. 
However, a general conclusion is that if the spectral 
density of the input signal remains unchanged as the 
magnitude of the input increases, and if do,z,/doz is 
negative at a point on the response curve, then the 
steady-state response is always unstable. 

N. H. Choksy (Silver Spring, Md.) 


10870: 

Thelliez, 8.; Gouyet, J.-P. Introduction 4 l’analyse des 
systémes asservis 4 information pulsée. Ann. Radioélec. 
16 (1961), 9-68. (English and German summaries) 

Authors’ summary: “Having described the class of 
servo-controlled systems examined in this article, the 
authors deal with the two main sampling and reconstitu- 
tion operations on the information. They then present in 
logical form the Z transformation, the inverse trans- 
formation and their more interesting properties. As in the 
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case of linear systems, the investigation of this trans- 
formation helps to define the pulsed transfer functions of 
the principal structures encountered in practice, and this 
extension of the transfer function is the subject of the 
third chapter. The fourth chapter sets out, on the bases 
established in the first three chapters, and in simple 
manner, the analysis of the absolute stability of this 
family of systems the importance of which is demonstrated 
in the conclusion.” 


10871: 

Ponirko, 8. 0.; Savinov, G. V. On the problem of the 
action of random signals on dynamic systems. Akad. 
Nauk Ukrain. RSR. Prikl. Meh. 6 (1960), 173-179. 
(Ukrainian. Russian and English summaries) 

Authors’ : “The authors consider the problem 
of the action of a random stationary perturbation on a 
linear system with constant parameters. In conformity 
with correlation theory an equation is derived linking 
up the correlation functions of the input and output 
signals. It proves possible to study the action of random 
perturbations with various characteristics, as well as 
with variation of the parameters of the system. 

“This problem is particularly easy to solve when 
employing electronic modelling devices. The method is 
illustrated, in one of the possible variations, by consider- 
ing a system of the second order. The possibility of 
appearance of resonance properties is indicated for random 
perturbations as well as for periodic ones.” 

N. H. Choksy (Silver Spring, Md.) 


10872: 

Tou, Julius T. Statistical design of linear discrete-data 
control via the modified z-transform method. 
J. Franklin Inst. 271 (1961), 249-262. 

Author’s summary: “A solution is presented for the 
analytical design of digital controller in accordance with 
@ specified optimum criterion. This approach makes use 
of the modified z-transform technique. The analytical 
design procedure for systems with random noise occurring 
in the input channel and for these with random noise 
occurring at a point in the control loop is developed via 
modified z-transformation. Much attention is centered 
upon stationary random functions because of their 
frequent occurrence in control systems and their being 
amenable to mathematical treatment. In this paper, 
physical realizability and system constraints are con- 
sidered, general design equations for both cases of noise 
occurrence are derived, and systems with deterministic 
inputs are discussed.” 

A. V. Balakrishnan (Los Angeles, Calif.) 


10873: 
Kac, Mark. Some remarks on oscillators driven by a 
random force. IRE Trans. CT-7 (1960), 476-479. 
Section I is concerned with statistical properties of 
solutions of 


() T+ B+ K(x) = Bit) 


where E(t) is a “purely random”’ force (like “white noise”) 
of strength D. In the phase plane (x, p), where p=dz/dt, 
the process (z, p) is Markoffian and its transition prob- 
ability densities obey the Fokker-Planck-Kramers equa- 
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tion under certain conditions. In the case of a damped 
harmonic oscillator, K(x) = wo*z, the transition probability 
densities are known. 

The knowledge of the stationary density W(x, p) helps 
to determine the statistical properties of the solution of (1). 
One interesting property is the average number of times 
per second the oscillator goes through the equilibrium 
position z=0. For the harmonic oscillator, this becomes 
wo/7. For a nonharmonic oscillator, the average number 
of zeros per second depends on £/D=1/k7T, where T 
denotes temperature. Thus zero counting could be used 
as a thermometer in principle. 

The other sections (I1, ITI, and IV) are concerned with the 
problem of finding the mean-square length of the intervals 
between consecutive zeros. This problem is “still largely 
unsolved’’. The author in this note has sketched, heuristic- 
ally, an approach to this difficult problem. Though some 
steps are intuitive, “‘it is hoped that the method presented 
here is of some interest and that it may eventually lead 
to useful estimates.” Y. H. Ku (Philadelphia, Pa.) 


10874: 

Sawaragi, Yoshikazu; Sugai, Narinobu. On the graphi- 
cal analysis of control systems ssa Pm an ay oy 
nonlinear element to a 
Rep. Engrg. Res. Inst. Kyoto Univ. 10 cl 99-1 a 

Authors’ summary : “This paper describes the graphical 
methods for the analysis of automatic control systems 
containing asymmetrical nonlinear elements of zero- 
memory type subjected to stationary random input signals 
normally distributed with zero mean. The methods are 
of the following two types. First, we assume that the 
input to the asymmetrical nonlinear element consists of a 
stationary random portion and a constant portion, and 
use the equivalent gain of the nonlinear element for the 
random portion. But if the linear part of the control 
system has a purely integral characteristic, the assumption 
made above becomes unreasonable. Next, we assume that 
the input to the nonlinear element consists of two random 
portions, one with a normal distribution and the other 
with a spectral density around zero frequency. In this 
case, although the procedures are laborious, the evaluation 
of the steady-state response of the control system may be 
carried out by a graphical method. In order to compare 
the results obtained by the above-mentioned two methods, 
a simple example is shown.” 

N. H. Choksy (Silver Spring, Md.) 


10875: 

Léfgren, L. On the for irredun- 
dant Boolean networks. Nuovo Cimento (10) 13 (1959), 
supplemento, ee 

Let B= F(b;, be, ---, bx) be a Boolean function written 
in a standard mnin-torma form in which a variable 6 and its 
complement b’ are considered as different variables. The 
author considers the following problem: When is it 
possible to construct a ee gree graph G with n 
edges, labeled 5;, be, - » be, so that to every set of 
binary values of b, bie -++, by for which F=1 there 
corresponds a path in G consiating of the edges for which 
bj=1; and conversely, for every path - G, the 
corresponding binary values for b:, be, ---, 6, must be 
such that F=1? Two necessary conditions ‘for the exist- 
ence of G are derived which jointly yield a sufficient 
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condition. Several examples are given. It is amusing that 
the author shows more respect for G. Boole than N. H. 
Abel, by writing “Boolean function” and “abelian group’’. 

J. Hartmanis (Schenectady, N.Y.) 


10876: 

Stram, Oscar B. Arbitrary Boolean functions of n 
variables realizable in terms of threshold devices. Proc. 
IRE 49 (1961), 210-220. 

A matrix description of the structure of a threshold 
switching circuit is given. A condition concerning the 
existence of a transformation matrix which can be used 
to find the structure of a new switching circuit from a 
given matrix if the variables of the function realized by 
the given circuit are permuted is presented. Two variable 
threshold functions are examined. It is shown how to test 
a function of more than two variables to determine if it 
can be realized as a threshold function. This test makes use 
of the properties of minimal threshold functions of two 
variables. A way of realizing an arbitrary function of two 
or more variables by means of threshold devices is given. 
The method consists of first partitioning the function so 
that each partition can be realized in the desired manner. 
In the second step the partitions are realized by permuting 
and complementing the variables of the partition until a 
function which is recognized as a threshold function is 
obtained. B. Hazeltine (Providence, R.1.) 


10877 : 

Moisil, Gr. ©. Teoria algebrici a mecanismelor 
automate [Algebraic theory of automatic machines}. 
Academia Republicii Populare Romine. Stiinta gi Tehnica, 
14. Editura Tehnicé, Bucharest, 1959. 703 pp. (6 
inserts) Lei 24.60. 

More than fifty papers by Moisil, and many additional 
papers by Ioanin, Nedelcu, Mariana, and others, have 
developed a distinctive Rumanian approach to switching 
circuit theory, which remains little known and rarely 
referred to outside of Rumania, despite the fact that most 
of these papers have been reviewed in Mathematical 
Reviews. This book gives a very detailed coverage of this 
approach, starting on a very elementary level, not even 
presupposing familiarity with the integers modulo n. 
Since the book is in Rumanian, it should be mentioned 
that Rumanian is a Romance Language somewhat 
accessible to anyone who reads French or Latin. For a 
review of much of this material not written in Rumanian, 
see the paper [#10878]. 

The most distinctive characteristic of this approach is 
the very strong use that is made of Galois fields. Tables 
for multiplication, addition, and exponentiation, for 
GF{[3*] and GF[52] are inserts which fold out from the 
book, and similar tables for GF[p*] whenever p* < 25, are 
printed in the text of the book. The p* states of a circuit 
having n relays, each of which has p positions, are repre- 
sented by the elements of GF[p*]. Lagrangian inter- 
polation polynomials are used in these finite fields, to 
permit finding algebraic formulas for functions which 
take on arbitrary values at each state of the circuit. 
Time is usually assumed to take on only discrete values. 

Extensive use is also made of n-valued logic. The 
bibliography of the book is especially thorough in covering 
the literature of attempts to apply n-valued logic to 
switching circuits. 


1846 
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This book has probably the broadest bibliography on 
switching theory in general yet to be published in one 
place. It is not only good in covering the Rumanian 
literature, but also that of many other countries, including 
Russia, America, and others. 

The approach in this book is in many ways more alge- 
braic and abstract than is common among other workers 
in the field. It is also, in other ways, more concrete and 
applied. For instance, separate extensive algebraic treat- 
ments are given for polar relays, latching relays, time- 
delay relays, and other special switching elements of 
great practical importance. The existence of such devices 
is almost ignored in most treatments of switching circuits. 

E. F. Moore (Murray Hill, N.J.) 


10878: 

Moisil, Gr. C. Rapport sur le développement dans la 
R.P.R. de la théorie algébrique des mécanismes auto- 
matiques. An. Univ. “C. I. Parhon” Bucuresti. Ser. Acta 
Logica 2 (1959), no. 1, 145-199. 

This paper gives a general review of the distinctive 
Rumanian approach to switching-circuit theory. It differs 
from the book reviewed above in its bibliographic cover- 
age, giving only about 120 references to papers by 
Rumanian authors and very few references to foreign 
authors. It also is much more sketchy in its coverage of 
many topics, but it is in French rather than Rumanian. 

E. F. Moore (Murray Hill, N.J.) 


10879: 

Zakrevskii, A. D. A method of synthesizing function- 
ally stable automata. Dokl. Akad. Nauk SSSR 129 
(1959), 729-731. (Russian) 

The author points out that previous papers have 
discussed methods of synthesizing reliable automata from 
unreliable elements, but that by disregarding the fact that 
reliability is a function of time, redundancy is introduced 
to a great extent. This reduces the practical value of the 
methods. If, on the other hand, parts are replaced as they 
fail, high reliability can be achieved. Thus, if p;(r) is the 
probability of the failure of the ith element in the time 
interval (¢t—7+, t), where 7 is the time it takes to check and 
repair the structure, then if 7 is small enough it is reason- 
able to suppose that >{_. p:(r)<pi(r)<1. Then, replace- 
ment of the defective part leads to high reliability. 

The author then sets up his structure as a digital 
computer represented as a logical (n, m)-pole and by 
introducing Boolean functions for the state of each 
element at times t—7 and ¢, and then using modulo 2 
addition and logical addition, he shows that his synthesis 
procedure contains information to locate individual 
failures, and thus to eliminate them. 

N. H. Choksy (Silver Spring, Md.) 


10880: 

Karacuba, A. A. Solution toa in the theory of 
finite automatons. Uspehi Mat. Nauk 15 (1960), no. 3 
(93), 157-159. (Russian) 

Moore [Automata studies, pp. 129-153, Princeton Univ. 
Press, Princeton, N.J., 1956; MR 17, 1140] has defined 
precisely the notion of determining the final state of a 
finite automaton by means of an experiment and proved 
various theorems giving bounds on the length of experi- 
ments. The author improves one of Moore’s bounds to 
give a result which he proves to be best possible, viz. : If 
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8 is an n-state machine such that any two of its states 
can be distingui , there exists an experiment of 
length < $(n—1)(n—2)+1 with which one can determine 
the state of S at the end of the experiment. 

J.C. Shepherdson (Bristol) 


10881 : 

Bellman, Richard. Sequential machines, ambiguity, 
and dynamic programming. J. Assoc. Comput. Mach. 7 
(1960), 24-28. 

Given a sequential machine, of known structure, but 
initially in an unknown state, this paper discusses experi- 
ments to attain the objective of determining what state 
the machine will be in at the end of the experiment. For 
some machines, the author notes that this objective is 
unattainable, but for the ones for which it is, he gives a 
formulation in terms of dynamic programming of the 
problem of attaining it with an experiment of the least 
possible length. The experiments considered are permitted 
to use inputs to the machine which depend on previous 
outputs of the machine. Table 1 should read “input” 
in place of “output”. Uniform bounds (in terms of the 
number of states of the machine) on the lengths of such 
experiments have since been obtained by Karacuba 
[#10880]. An English translation of Karacuba’s paper has 
been published as translation No. K-218, 4 pp. (1960) by 
Morris Friedman Inc. JZ. F. Moore (Murray Hiil, N.J.) 
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10882: 
Ginsburg, Seymour. On the length of the smallest 


uniform t which the terminal 
states of a machine. J. Assoc. Comput. Mach. 5 (1958), 
266-280. 

Author’s abstract: “The problem considered here is 
to obtain estimates of the length of the smallest experi- 
ment (on a machine) which is independent of the unknown 
initial state and which allows us, by observing the outputs, 
to distinguish the terminal state. The estimates obtained 
depend, of course, on the assumptions placed on the 
machine. In general, the bounds derived are slightly less 
than n?, where n is the number of distinguishable states 
in the machine. For no really general class of machines 
is the best bound known.” 

Further results on similar problems are discussed by 
Bellman [#10881] and by Karacuba [#10880]. 

E. F. Moore (Murray Hill, N.J.) 


10883 : 

Rosen, Robert. On a logical paradox implicit in the 
notion of a self-reproducing automaton. Bull. Math. 
Biophys. 21 (1959), 387-394. 

The author finds a paradox in the notion of self- 
reproducing automaton. However, the definition of self- 
reproduction which leads to the paradox does not seem 
very natural. J. McCarthy (Cambridge, Mass.) 
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